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22 . ELECTROSTarics 


Learning Objectives 
At the end of this chapter the students will be able to: 


1, 


ee te 


ea 


16. 


Understand and describe Coulomb's law. 
Describe that a charge has a field of force aroundit. 
Understand fields of like and unlike charges. 


ppereciae the principle of inkjet printers and photostat copier as an application of 
electrostatic phenomena. 


Explain the electric intensity in a free space and in other media. 
State and prove Gauss's law. 
Appreciate the applications of Gauss's law. 


Explain electric potential at a point in terms of work done in bringing a unit positive 
charge from infinity to that point. 


Relate electric field strength and potential gradient. 

Find expression for potential at a point due to a point charge. 
Describe and derive the value of electric charge by Millikan's method. 
Calculate the capacitance of parallel plate capacitor. 
Recognize the effect of dielectric on the capacitance of parallel plate capacitor. 
Understand and describe electric polarization of dielectric, 


Know the process of char ne anal discharging of a capacitor through a resistance 
and calculate the time constan 


Find energy expression of a charged capacitor. 


Banc study of electric charges at rest under the action of electric forces is known as 
electrostatics. An electric force is the force which holds the positive and negative charges 
that make up atoms and molecules. The human body is composed entirely of atoms and 
molecules, thus we owe our existence to the electric force. 
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Fig 12.) (a) Repulsive forces 
between like charges and (b) 
attractive forces between unlke 
charges 


We know that there are two kinds of charges, namely, 
positive and negative charges. The charge on an electron is 
assumed to be negative and charge on a proton is positive. 
Moreover, we also learnt that like charges repel each other 
and unlike charges attract each other. Now we investigate 
the quantitative nature of these forces. The first 
measurement of the force between electric charges was 
made in 1874 AD by Charles Coulomb, a French military 
engineer. On the basis of these measurements, he deduced 
alaw known as Coulomb's law. It states that 





where F is the magnitude of the mutual force that acts on 
each of the two point charges q,, g. and ris the distance 
between them. The force F always acts along the line joining 
the two point charges (Fig. 12.1), k is the constant of 
proportionality. Its value depends upon the nature of medium 
between the two charges and system of units in which F, q 
and r are measured. If the medium between the two point 
charges is free space and the system of units is SI, then Kis 
represented as . : 


(12.2) 


where €, is an electrical constant, known as permittivity of 
free space. In SI units, its value is 8.85 * 10° Nm°C*. 
Substituting the value ofc. the constant 
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Thus Coulomb's force in free space is 
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As stated earlier, Coulombs' force is mutual force, it means 
that if g, exerts a force on g,, then q, also exerts an equal and 
opposite force on q,. lf we denote the force exerted on g, by gq, 
as F,, and thaton charge qg, due to g,asF,., then 


F,,=-F,, Preeti (12.4) 


The magnitude of both these two forces is the same and is 
given by Eq. 12.3. To represent the direction of these forces 
we introduce unit vectors. lfr,, is the unit vector directed from 
g, to qg. and r,,is the unit esse directed from g, toq,, then 
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The forces F,, and F,,are shown i in Fig.12.2 (a & b). It can be 
seen thatr,, =-f,,,80 Eqs. 12.5(a & b) show that 


F., =e F., 
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The sign of the charges in Eqs. 12.5 (a & b) determine 
whether the forces are attractive or repulsive. 


We shall now consider the effect of medium between the two 
charges upon the Coulomb's force. If the medium is an 
insulator, itis usually referred as dielectric. It has been found 
that the presence of a dielectric always reduces the 
electrostatic force as compared with that in free space by a 
certain factor which is a constant for the given dielectric. This 
constant is known as relative permittivity and is represented 
by €,. The values of relaiive permittivity of different dielectrics 
are given in Table 12.1. 


Thus the Coulomb's force in a medium of relative permittivity 
E,is given by 
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Ite can has seenin the table that €, for airis 4 0006. This yokes is 
so close to one that with negligible error, the Eq. 12.3 gives 
the electric force in air. 
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Newton's universal gravitational law and Coulomb's law 
enable us to calculate the magnitude as well as the directions 
of the gravitational and electric forces, respectively. However 
one may question, (a) What are the origins of these forces? 
(b) How are these forces transmitted from one mass to 
another or from one charge to another? 


The answer to (a) is still unknown; the existence of these 
forces is accepted as it is. That is why they are called basic 
forces of nature. 


To describe the mechanism by which electric force is 
transmitted, Michael Faraday (1791-1867) introduced the 
concept of an electric field. According to his theory, it is the 
intrinsic property of nature that an electric field exists in the 
space around an electric charge. This electric field is 
considered to be a force field that exerts a force on other 
charges placed in that field. For example, a charge g 
produces an electric field in the space surrounding it. This 


field exists whether the other charges are present in space or 
not. However, the presence of field cannot be tested until 
another charge q, is brought into the field. Thus the field of 
charge q interacts with q, to produce an electrical force. The 
interaction between g and q, is accomplished in two steps: 
(a) the charge q produces a field and (b) the field interacts 
with charge q, to produce a force F on g,. These two Steps are 
illustrated in Fig. 12.4. 


In this figure the density of dots is proportional to the strength 
of the field at the various points. We may define electric field 
strength or electric field intensity E at any pointin the field as 
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where F is the force experienced by a positive test charge q, 
placed at the point. The test charge q, has to be very small so 
that it may not distort the field which it has to measure. 


Since electric field intensity is force per unit charge, it is 
measured in newton per coulomb in S! units. It is a vector 
quantity and its direction is the same as that of the force F. 


The force experienced by a test charge q, Placed in the field 
of a charge g in vacuum is given by Eq. (12.3). 
Eq. 12.7 can be used to evaluate electric intensity due to a 


point charge q at a point distant rfrom it. Place a positive test the : 
charge q, at this point. The Coulomb's force that this charge : t } 


will experience due to gis 





ee t: (12.8) 


where ris aunit vector directed from the point charge qto the 
test point where g, has been placed, i.e., the point where the 
electric intensity is to be evaluated, By Eq. 12.7 
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Avisual representation of the electric field can be obtained in 
terms of electric field lines; an idea proposed by Michael 
Faraday. Electric field lines can be thought of a "map" that 
provides information about the direction and strength of the 
electric field at various places. As electric field lines provide 
information about the electric force exerted on a charge, the 
lines are commonly called "lines of force". 





To introduce electric field lines, we place positive test 
charges each of magnitude gq, at different places but at equal 
distances from a positive charge +q as shown in the figure. 
Each test charge will experience a repulsive force, as 
indicated by arrows in Fig. 12.6(a), Therefore, the electric 
field created by the charge +q is directed radially outward. 
Fig. 12.6 (b) shows corresponding field lines which show the 
field direction. Fig. 12.7 shows the electric field lines in the 
vicinity of a negative charge -q. In this case the lines are 
directed radially "inward", because the force on a positive 
test charge is now of attraction, indicating the electric field 
points inward. 


Figures 12.6 and 12.7 represent two dimensional pictures of 
the field lines. However, electric field lines emerge from the 
charges in three dimensions, and an infinite number of lines 
could be drawn. 


The electric field lines "map" also provides information about 


the strength of the electric field. As we notice in 
Figs. 12.6 and 12.7 that field lines are closer to each other 
near the charges where the field is strong while they 
continuously spread out indicating a continuous decrease in 
the field strength. 





The electric field lines are curved in case of two identical 
separated charges. Fig.12.8 shows the pattern of lines 
associated with two identical positive point charges of equal 
magnitude. It reveals that the lines in the region between two 
like charges seem to repel each other, The behaviour of two 
identical negatively charges will be exactly the same. The 
middle region shows the presence of a zero field spot or 
neutral zone. 


The Fig.12.9 shows the electric field pattern of two opposite 
charges of same magnitudes. The field lines start from 
positive charge and end on a negative charge. The electric 
field at points such as 1, 2, 3 is the resultant of fields created 
by the two charges at these points. The directions of the 
resultant intensities is given by the tangents drawn to the field 
lines at these points. 


In the regions where the field lines are parallel and equally 
spaced, the same number of lines pass per unit area and 
therefore, field is uniform on all points. Fig.12.10 shows the 
field lines between the plates of a parallel plate capacitor. The 
field is uniform in the middle region where field lines are 
equally spaced. 


We are now in a position to summarize the properties 

of electric field lines. 

1) Electric field lines originate from positive charges 
and end on negative charges. 

2) The tangent to a field line at any point gives the 
direction of the electric field at that point, 

3) The lines are closer where the field is strong and the 
lines are farther apart where the field is weak. 

4) No two lines cross each other. This is because E has 
only one direction at any given point. If the lines cross, 
E could have more than one direction. 
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Fig. 12.4 The electric field lines for 
two identical positive point charges. 
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(i) Xerography (Photocopier) 
Fig.12.11 illustrates a photocopy machine. The copying 


page to be copled- - face down 


lamp 








toner cartridge 
— containing black 
toner dust 








paper on which the 
healed rollers image is printed 


Far taut Information 


process is called xerography, from the Greek word "xeros" 
and "graphos", meaning "dry writing". The heart of machine 
is a drum which is an aluminium cylinder coated with a layer 
of selenium. Aluminium is an excellent conductor. On the 
other hand, selenium is an insulator in the dark and becomes 
a conductor when exposed to light; itis a photoconductor. As 
a result, if a positive charge is sprinkled over the selenium it 
will remain there as long as it remains in dark. If the drum is 
exposed to light, the electrons from aluminium pass through 
the conducting selenium and neutralize the positive charge. 


lf the drum is exposed to an image of the document to be 
copied, the dark and light areas of the document produce 
corresponding areas on the drum, The dark areas retain their 

y elecwie tai. tes ré. Through positive charge, but light areas become conducting, lose 
otter fist can anderen as their positive charge and become neutral. 


tneonesiihouettedattheboom. 1 this way, a positive charge image of the document remains 


on the selenium surface. Then a special dry, black powder 
called "toner" is given a negative charge and spread over the 
drum, where it sticks to the positive charged areas. 


The toner from the drum is transferred on to a sheet of paper 
on which the document is to be copied. Heated pressure 
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rollers then melt the toner into the paper which is also given 
an excess positive charge to produce the permanent 
impression of the document. 

a) 
An inkjet printer (Fig. 12.12 a) is a type of printer which uses 
electric charge in its operation. While shuttling back and forth 
across the paper, the inkjet printer "ejects" a thin stream of 
ink. The ink is forced out of a small nozzle and breaks up into 
extremely small droplets. During their flight, the droplets pass 
through two electrical components, a "charging electrode" 
and the "deflection plates" (a parallel plate capacitor). When 
the printhead moves over regions of the paper which are not 
to be inked, the charging electrode is left on and gives the ink 
droplets a net charge. The deflection plates divert such 
charged drops into a gutter and in this way such drops are not 
able to reach the paper. Whenever ink is to be placed on the 
paper, the charging control, responding to computer, turns off 
the charging electrode. The uncharged droplets fly straight 
through the deflection plates and strike the paper. Schematic 
diagram of such a printer is shown by Fig. 12.12 (b). 


Charging Deflection plates = | 





Inkjet Printers 
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Fig. 12.12 (b)An inkjet printhead ejects a steady flow of ink droplets. The charging 
dacisies ae vend se harge the droplets that are not needed on the paper. 
arged droplets are deflected into a gutter by the deflection plates, while 


harged droplets fly straightontothe paper, | 
Inkjet printers can also produce coloured copies. 








When we place an element of area in an electric field, some 
of the lines of force pass through it (Fig. 12.13 a). 


The number of the field lines passing through a certain element 
of area is known as electric flux through that area. It is usually 
denoted by Greek letter ©. For example the flux © through the 
area Ain Fig. 12.13 (a) is 4 while the flux through B is 2. 


In order to give a quantitative meaning to flux, the field lines 
are drawn such that the number of field lines passing through 
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Fig, 12.12 (a) An inkjet printer. 
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Fig. 12.13 (b) Maximum 
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Fig. 12.13 (d) 


a unit area held perpendicular to field lines at a point 
represent the intensity E of the field at that point. Suppose at 
a given point the value of E is 4NC". This means that if im’ 
area is held perpendicular to field lines at this point, 4 field 
lines will pass through it. In order to establish relation 
between electric flux ®, electric intensity E and area A we 
consider the Fig.12.13 (b,c,d) which shows the three 
dimensional representation of the electric field lines due to a 
uniform electric field of intensity E. 


In Fig.12.13 (b), area is held perpendicular to the field lines, 
then EA, lines pass through it. The flux ®, in this case is 


,=EA, ae AO) 


where A, denotes that the area is held perpendicular to field 
lines. In Fig.12.13 (c), area A is held parallel to field lines and, 
as is obvious no lines cross this area, so that flux ®, in this 
case is 


®,=EA,=0 gets eae (12.11) 


where A, indicates that A is held parallel to the field lines. 
Fig.12.13 (d) shows the case when A is neither perpendicular 
nor parallel to field lines but is inclined at angle 9 with the 
lines. In this case we have to find the projection of the area 
which is perpendicular to the field lines. The area of this 
projection, (Fig. 12.13 d)is A cos 6. The flux ® in this case is 


®,=EAcos®@ 

Usually the element of area is represented by a vector area A 
whose magnitude is equal to the surface area A of the 
element and whose direction is direction of normal to the 
area. The electric flux ®, through a patch of flat surface in 
terms of E and Ais then given by 

®,=EAcos@=E.A Tra veetisin (12.12) 
where @ is the angle between the field lines and the normal to 
the area. 


Electric flux, being a scalar product, is a scalar quantity. Its SI 
unitis Nm'C". 


Let us calculate the electric flux through a closed surface, in 
shape of a sphere of radius r due to a point charge q 
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placed at the centre of sphere as shown in Fig. 12.14. To 
apply the formula ®, = E.A for the computation of electric flux, 
the surface area should be flat, For this reason the total 
surface area of the sphere is divided into n small patches with 
areas of magnitudes AA,, AA., AA,, ......4A,. lfnis very large, 
each patch would be a flat element of area. The 
corresponding vector areas are AA,, AA,, AA,,.....AA, 
respectively. The direction of each vector area is along 
perpendicular drawn outward to the corresponding patch. 
The electric intensities at the centres of vector areas 
AA, AA,, «2.00 AA are E,, E,,........E, respectively. 


According to Eqg.12.12, the total flux passing through the 
closed surface is 


©, =E,.AA+E,. AA, +E, DAF FE AA, ee (12,13) 


The direction of electric intensity and vector area is same at 
each patch. Moreover, because of spherical symmetry, at the 
surface of sphere, 


PEL Eel al pe Ed Ae pe AeA 
,=EAA,+ EAA,+EDA,+.......+ EDA, 








=Ex(MA,+AA,+AA,+....... + AA) 
= Ex (total spherical surface area) 
= L ax 4nr? 
4ne, r 
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Now imagine that a closed surface Sis enclosing this sphere. 
It can be seen in Fig.12.15 that the flux through the closed 
surface S is the same as that through the sphere. So we can 
conclude that total flux through a closed surface does not 
depend upon the shape or geometry of the closed surface. It 
depends upon the medium and the charge enclosed. 


Suppose point charges q,, g., Qy ..-.-.. , g, are arbitrarily 
distributed in an arbitrary shaped closed surface as shown in 
Fig. 12.16. Using idea given in previous section, the electric 
flux passing through the closed surface is 


11 





Fig: 12.14 The total electric flux through 
the surface of the sphere due to a 
charge gatitscentreisq/e, 





Fig. 12.15 





Fig. 12.16 





Fig. 12.17 
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1 
®, = oe (total charge enclosed by closed surface) 
a = 
o,=1xQ cuniie (12318) 
Ey 
where Q=q,+9,+9,+...... +q,, is the total charge enclosed 
by closed surface. Eq.12.16 is mathematical expression of 
Gauss's law which can be stated as, 
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Gauss's law is applied to calculate the electric intensity due 
to different charge configurations. In all such cases, an 
imaginary closed surface is considered which passes 
through the point at which the electric intensity is to be 
evaluated. This closed surface is known as Gaussian 
surface. Its choice is such that the flux through it can be easily 
evaluated. Next the charge enclosed by Gaussian surface is 
calculated and finally the electric intensity is computed by 
applying Gauss's law Eq.12.16. We will illustrate this 
procedure by considering some examples. 





(a) Intensity of Field Inside a Hollow Charged 





Sphere 


Suppose that a hollow conducting sphere of radius Ris given 
a positive charge g. We wish to calculate the field intensity 
first at a pointinside the sphere. 


Now imagine a sphere of radius R< R to be inscribed within 
the hollow charged sphere as shown in Fig. 12.17. The 
surface of this sphere is the Gaussian surface. Let © be flux 
through this closed surface. It can be seen in the figure that 
the charge enclosed by the Gaussian surfaces is zero. 
Applying Gaussian law, we have 
o,=+=0 
Ey 


Since ®,=E.A=0 as A#0, therefore, E=0 


12 


Thus the interior of a hollow charged metal sphere is a field 
free region. As a consequence, any apparatus placed within 
a metal enclosure is "shielded" from electric fields. 





Do You Know? 





(6) Electric Intensity Due to an Infinite Sheet of 


Charge 





Suppose we have a plane sheet of infinite extent on which 
positive charges are uniformly distributed. The uniform 
surface charge density is, say, o. A finite part of this sheet is 
shown in Fig. 12.18. To calculate the electric intensity E at a 
point P, close to the sheet, imagine a closed Gaussian 
surface in the form of a cylinder passing through the sheet, 
whose one flat face contains point P. From sym metry we can 
conclude that E points at right angle to the end faces and 
away from the plane. Since E is parallel to the curved surface 
of the cylinder, so there is no contribution to flux from the 
curved wall of the cylinder. While it will be, 
EA + EA = 2 EA, through the two flat end faces of the closed 
cylindrical surface, where A is the surface area of the flat 
faces (Fig. 12.18). As the charge enclosed by the closed 
surface is GA, therefore, according to Gauss's law, 





Fig. 12.18 The closed surface is in: 








g. 12. surfacs 
®, rat x Charge enclosed by closed surface the form of a cylinder whose one face 
Ey contains the point P at which electric 
) 1 ras __s Intensityhas to bedetermined.— 
‘ P,=— xoA * ee ea eo (12.41 7) 
Therefore, 2EA= a xoA 
Es 
OF e=—— balsa-ata hamere: 12.18 
ghee ees ere (12.18) 
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where Fis a unit vector normal to the sheet directed away from it. 






(c) Electric Intensity Between Two Oppositely 
Charged Parallel Plates 

Suppose that two parallel and closely spaced metal plates of 
infinite extent separated by vacuum are given opposite 
charges. Under these conditions the charges are essentially 
concentrated on the inner surfaces of the plates. The field 
lines which originate on positive charges onthe inner face 
of one plate, terminate on negative charges on the inner 
face of the other plate (Fig. 12.19). Thus the charges 
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are uniformly distributed on the inner surface ofthe plate ina | 
form of sheet of charges of surface density o = q/A , where A 
is the area of plate and q is the amount of charge on either of 
the plates. 

Imagine now, a Gaussian surface in the form of a hollow box 
with its top inside the upper metal plate and its bottom in the 
space between the plates as shown in Fig.12.20. As the field 
lines are parallel to the sides of the box, therefore, the flux 
through the sides is zero. The field lines are uniformly 
distributed on the lower bottom face and are directed 


Fig. 12.20 Dotted rect : : | 
Be ee a eas Pee normally to it. If A is the area of this face and E the electric 


Gaussian box with its top inside the intensity atits site. the flux through it would be EA. There is no 
magus ass derail flux through the upper end of the box because there is no field 
Ee inside the metal plate. Thus the total flux ®, through the 
Gaussian surface is EA. The charge enclosed by the 

Gaussian surface is oA. Applying Gauss's law | 








1 
®=— xoA 
Ea 
1 
or EA=— xoA 
are) 
OF E= a A Co Oi eas (12.20) 


ze 
The field intensity is the same at all points between the plates. 
The direction of field is from positive to negative plate because 
a unit positive charge anywhere between the plates would be 
repelled from positive and attracted to negative plate and 
these forces are in the same direction. In vector form 


—f 
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where risa unit vector direct 


E= 


' 
ed from positive to negative plate. 
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Let us consider a positive charge q, whichis allowed to move 

BsTe Tee TS in an electric field produced between two oppositely charged 
parallel plates as shown in Fig. 12.21 (a). The positive charge 
will move from plate B to Aand will gain K.E. Ifitis to be moved 
from A to B, an external force is needed to make the charge 
move against the electric field and will gain PE. Let us impose 
a condition thatas the charge is moved from Ato B, itis moved 
= f=} -1- keeping electrostatic equilibrium, i.e., it moves with uniform 
Fig. 12.21 (a) velocity. This condition could be achieved by applying a force 
F equal and opposite to q,E at every point along its path 
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as shown in Fig. 12.21 (b). The work done by the external 
force against the electric field increases electrical potential 
energy of the charge thatis moved. 


Let W,,, be the work done by the force in carrying the positive 
charge q, from Ato B while keeping the charge in equilibrium. 
The change in its potential energy AU=W,, 


or U,- U,= Wie ee { 12.22) 


where U, and U,, are defined to be the potential energies at 
points Aand B, respectively. 





To describe electric field we introduce the idea of electric 
potential difference. The potential difference between two 
points A and B in an electric field is defined as the work done 
in carrying a unit positive charge from A to B while keeping the 
charge in equilibrium, thatis, 


Uo You Anow? 
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where V, and V, are defined electric potentials atpointAand =} a0! gu ssasss (esscees' | 

B respectively. Electric potential energy difference and ia fe Sas |Scheres ‘ceeceecs (eesce=e a 

electric potential difference between the points Aand B are {fife 
related as WHEE an 7 

AU=9,AV=W,, sack) — \(t2o4)' ee 
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Thus the potential difference between the two points canbe =" : 
defined as the difference of the potential energy per unit 4, ECG records the "voltage" 


tangs: oom Siete 
As the unit of PE. is joule, Eg.12.23 shows that the unit of heart. This ECG is made in running: 
potential difference is joule per coulomb. It is called volt such that, espinal inctleae elects 








acne 1joule Kin aeX 
1volt = eer re rrr 12.25) 
~ Tcoulomb | ( : 
That is, a potential difference of 1 volt exists between two 
points if work done in moving a unit positive charge from one 
point to other, keeping equilibrium, is one joule. 
In order to give a concept of electric potential at a point in an 
electric field, we must have a reference to which we assign 
zero electric potential, This point is usually taken at infinity. 
Thus in Eq. 12.23, if we take A to be at infinity and choose 
V,=0, the electric potential at B will be V.=W.,,./g, or dropping 
the subscripts. 


view 3 CET ERE te (12.26) 
Go 
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EEG (Normal alpha rhythm) 





EEG (Abnormal) 
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In electroancephalography the 
potential differences created by the 
electrical activity of the brain are used 
for diagnosing abnormal behaviour. 





which states that the electric potential at any point in an 
electric field is equal to work done in bringing a unit positive 
charge from infinity to that point keeping it in equilibrium. itis 
to be noted that potential at a point is still potential difference 
between the potential at that point and potential at infinity. 
Both potential and potential differences are scalar quantities 
because both Wand q, are scalars. 





Electric Field as Potential Gradient 





In this section we will establish a relation between electric 
intensity and potential difference. As a special Case, let us 
consider the situation shown in Fig. 12.21 (b). The electric 
field between the two charged plates is uniform, let its value 
be E. The potential difference between Aand Bis given by the 
equation 





V,-V,= “Ae (12.27) 
where W,. = Fd = - q,&d (the negative sign is needed 
because F must be applied opposite to g,E so as to keep itin 
equilibrium). With this, Eq.12.27 becomes 


pa. (Ve-Va) AV Le 

Gri Sachin 

lf the plates A & B are separated by infinitesimally small 

distance Ar, the Eq.12.28 is modified as 
pe ay 


a eer 


Ar 
The quantity AV gives the maximum value of the rate of 
Ar 


(12.29) 


change of potential with distance because the charge has 
been moved along a field line along which the distance Ar 
between the two plates is minimum. It is known as potential 
gradient. Thus the electric intensity is equal to the negative of 
the gradient of potential. The negative sign indicates that the 
direction of Eis along the decreasing potential. 

The unit of electric intensity from Eq. 12.29 is volt/metre which 
is equal to NC’ as shown below: 

volt ,joule/coulomb , newtonxmetre newton 


| {2 a ——__\_\———= 
metre metre metre x coulomb coulomb 
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Electric Potential at a Point due to-a Point 





Charge 


Let us derive an expression for the potential at a certain point in 
the field of a positive point charge q. This can be accomplished 
by bringing a unit positive charge from infinity to that point 
keeping the charge in equilibrium. The target can be achieved 
using Eq. 12.29 in the form AV = -E Ar, provided electric 
intensity E remains constant. However in this case E varies 


inversely as square of distance from the point charge, it no - 


more remains constant so we use basic principles to compute 
the electric potential at a point. The field is radial as shown in 
Fig. 12.22, 


Let us take two points A and B, infinitesimally close to each 
other, so that Eremains almost constant between them. The 
distance of points A and B from q are r, and r, respectively 
and distance of midpoint of space interval between Aand Bis 
r from q. Then according to Fig. 12:22, 


eet So gp ams (12.30) 
Ar=r,- r ener eee (12.31) 
As rrepresents mid point of interval between Aand B so 





rete aioe = (12.32) 

The magnitude of electric intensity at this pointis, 
1g 
= 4ne, r= .eeeaenmee (12.33) 


4s the points A and B are very close then, as a first 


approximation, we can take the arithmetic mean to be equal 
‘0. geometric mean which gives 





ieee 
io 
Therefore, Ws Pad c faa oe Saat Wetec (12.34) 
‘hus, Eq.12.33 can be written as 
re as ee (12.35) 
ARE, als 


\ow, if a unit positive charge is moved from B to A, the work 
lone is equal to the potential difference between AandB. 


Vi-Ve= -E(r,- r5) 








Fig. 12.22 





Fish and other sea creatures produce 
alecinec fieids in a variety of ways. 
Sharks have special organs, called 
the ampullae of Lorenzini, that are 
very sensitive to electric field and can 
detect potential differance of the 
order of nanovolt and can locate their 
prey very precisely. . 





View Eee) 2 (1256) 
Substituting value of E from Eq. 12.35, 
V,-V.= 24 Leneeeenee (12.37) 


4ne,\ rah 
~ ; : z : . 
. ; | ata cA 


To calculate absolute potential or potential at A, point B is 
assumed to be infinity point so that V, = 0 and hence 
Set op 
fg Fo oo 
1 


1 siti pool earn ee too ee _ gq 1 “* =o oe ct) So ey 
This gives, ie oe ara eeepc area fr FE 9) 
giv y at Va Ane, Fy. S98 aS ots peqere se Sit Faeer 





ERG (Normal) 








The general expression for electric potential V,, at a distance 
r from qis, 





Referring Fig. 12.21, we know that when a particle of charge 
q moves from point A with potential V, to a point B with 
The electrical activity oftheretina ofthe potential V,, keeping electrostatic equilibrium, the change in 
pik aera ericued decir tech ane potential energy AU of particleis, 

lf no external force acts on the charge to maintain equilibrium, 
this change in P.E. appears in the form of change in K.E. 
Suppose charge carried by the particle is g = e = 1.6% 10" C. 
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Thus, inthis case, the energy acquired by the charge willbe 
AK.E =qAV=eAV=(1.6x10"C) (AV) 
Moreover, assume that AV = 1 volt, hence 
AK.E =qAV=(1.6x 10'C)x (1 volt) 
AK.E=(1.6x10™)x(CxV)=1.6x10 J 


The amount of energy equal to 1.6 x 10” J is called one 
electron-volt and is denoted by ‘eV. It is defined as "the 
amount of energy acquired or lost by an electron as it 
traverses a potential difference of one volt". Thus, 


AeVE16X10S ace (12:42) 





In chapter 4, we pointed out that gravitational force is a 
conservative force, that is, work done in such a field is 
independent of path. It can also be proved that Coulomb's 

electrostatic force is also conservative force. The electric 


force between two charges F = ay is similar in form to 


the gravitational force between the two point masses, 
F= = Gite . Both forces vary inversely with the square of the 


7; 
distance between the two charges or the two masses. 
However, the value of gravitational constant G is very small 


as compared to electrical constant ya Itis because of this 


fact that the gravitational force is a very weak force as 
compared to electrostatic force. As regards their qualitative 
aspect, the electrostatic force could be attractive or repulsive 
while, on the other hand, gravitational force is only attractive. 
Another difference to be noted is that the electrostatic force is 
medium dependant and can be shielded while gravitational 
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Oil drop 





force lacks this property. 


In 1909, R.A Millikan devised a technique that resulted in 
precise measurement of the charge on an electron. 








Fig. 12.23 (a) 


A schematic diagram of the Millikan oil drop experiment is 
shown in Fig. 12.23 (a). Two parallel plates PP’ are placed 
inside a container C, to avoid disturbances due to air 
currents. The separation between the plates is d. The upper 
plate P has a small hole H, as shown in the figure. Avoltage V 
is applied to the plates due to which the electric field E is 
setup between the plates. The magnitude of its value is 
E = V/d, An atomizer Ais used for spraying oil drops into the 
container through a nozzle. The oil drop gets charged 
because of friction between walls of atomizer and oil drops. 
These oil drops are very small, and are actually in the form of 
mist. Some of these drops happen to pass through the hole in 
the upper plate. The space between the plates is illu minated 
by the light coming from the source S through the lens Land 
window W,. The path of motion of these drops can be 
carefully observed by a microscope M. 


A given droplet between the two plates could be suspended 
in air if the gravitational force F, = mg acting on the drop is 
equal to the electrical force F, = gE, as shown in Fig. 1 2.23(b). 
The F, can be adjusted equal to F, by adjusting the voltage. In 
this case, we can write, 

F_=F, ohare (12.43) 
or gE =mg 
if Vis the value of p. d.between the plates for this setting, then 
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eu” * q=me 
ey we may write e 


= mgd riper payee (12.44) 

In order to determine the mass mof the droplet, the electric 
field between the plates is switched off. The droplet falls under the 
action of gravity through air. It attains terminal speed v, almost atthe 
instant the electric field is switched off. Its terminal speed y, is 
determined by timing the fall of the droplet over a measured 
distance. Since the drag force F due to air acting upon the droplet 
when itis falling with constant terminal speed is equal to its weight. 
Hence, using Stokes's law 


F=6nnrv,=mg 


where ris the radius of the droplet and 1 is the coefficient of 
viscosity for air. If p is the density of the droplet, then 


N = = wr p ere : (12.45) 
a ee a 
Hence, a pg =6nnrv, 
or pi SNe 
2pg 


Knowing the value of r, the mass m can be calculated by 
using Eq. (12.45). This value of mis substituted in Eq.12.44 
to get the value of charge q on the droplet. 


Millikan measured the charge on many drops and found that 
@ach charge was an integral multiple of a minimum value of — 
charge equal to 1.6 x 10" C. He, therefore, concluded that this 
minimum value of the charge is the charge on an electron. 


ee Se a ree 
3 ple 12.9: In Millikan oil 
= Tr , a r + _ 





ral 





Fig. 12.24 








A capacitor is a device that can store charge. It consists of 
two conductors placed near one another separated by 
vacuum, air or any other insulator, Known as dielectric. 
Usually the conductors are in the form of parallel plates, and 
the capacitor is known as parallel plate capacitor. When the 
plates of such a capacitor are connected to a battery of 
voltage V (Fig.12.24), it establishes a potential difference of 
V volts between the two plates and the battery places a 
charge +Q on the plate connected with its positive terminal 
and a charge -Q on the other plate, connected to its negative 
terminal. let Q be the magnitude of the charge on either of the 
plates, Itis found that 


EERE Sar Q se 


The proportionality constant C is called the capacitance of 
the capacitor. As we shall see later, it depends upon the 
geometry of the plates and the medium between them. Itis a 
measure of the ability of capacitor to store charge. The 
capacitance of a capacitor can be defined as the amount of 
charge on one plate necessary to raise the potential of that 
plate by one volt with respect to the other. The Sl unit of 
capacitance is coulomb per volt, which because of its 
frequent use, is commonly called farad (F), after the famous 
English scientist Faraday. 








Consider a parallel plate capacitor consisting of two plane 
metal plates, each of area A, separated by a distance das 
shown in Fig. 12.24. The distance d is small so that the 
electric field E between the plates is uniform and confined 
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almost entirely in the region between the plates. Let initially 
the medium between the plates be air or vacuum. Then 
according to Eq.12.46, 


2 
w¥ 
where Q is the charge on the capacitor and V is the potential 
difference between the parallel plates. The magnitude E of 
electric intensity is related with the distance d by Eq.12.28 as 
Vv 
ae d oeaeee ees (12.48) 


C.. (12.47) 


As Q is the charge on either of the plates of area A, the 
surface density of charge on the plates is as 


wihes 


As already shown in section 12.8, the electric intensity 
between two oppositely charged plates is given by E= a 
& 


Substituting the value of o, we have = 





a SP eee doi a on (4268) 
d Ae, 
: Q Ae, . 
Itgives Cer Gag she (12.50) 


lf an insulating material, called dielectric, of relative 
permittivity « is introduced between the plates, the 
capacitance of capacitor is enhanced by the factor ¢.. 
Capacitors commonly have some dielectric medium, thereby 
c,is also called as dielectric constant. 


Following experiment gives the effect of insertion of dielectric 
between the plates of a capacitor. 


Consider a charged capacitor whose plates are connected to 
a voltmeter (Fig. 12.25 a). The deflection of the meter is a 
measure of the potential difference between the plates. 
When a dielectric material is inserted between the plates, 
reading drops indicating a decrease in the potential 
difference between the plates (Fig. 12.25 b). From the 
definition, C = Q/V, since V decreases while Q remains 
constant, the value of C increases. Then Eq.12.50 becomes, 


A F 
Seer ~aacinilsa apa CUDA 
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For Your Information 





The electric field linas between the 
: of a parallel-plate. ‘capacitor. 
Smail bits of thread are suspended in 
oll and become aligned with the 
alectric field. Note that the lines are 
equally spaced, indicating that the 
alectric field there is uniform. — 





VeV, 


Fig. 12.25 Effect of a dielectric on the 
capacitance ofacapacitor. 





A collection of capacitors used in 





Eq.12.50 shows the dependence of a capacitor upon the 
area of plates, the separation between the plates and 
medium between them. 


Dividing Eqg.12.51 by Eq.12.50 we get expression for 
dielectric constant as, 


e, = Umea. ai aes (12.52) 


From Eq.12.52 dielectric co-efficient or dielectric constant is 
defined as 






The increase in the capacity of a capacitor due to presence of 
dielectric is due to electric polarization of dielectric. 


The dielectric consists of atoms and molecules which are 
electrically neutral on the average, i.e, they contain equal 
amounts of negative and positive charges. The distribution of 
these charges in the atoms and molecules is such that the 
centre of the positive charge coincides with the centre of 
negative charge. When the molecules of dielectric are 
subjected to an electric field between the plates of a 
capacitor, the negative charges (electrons) are attracted 
towards the positively charged plate of the capacitor and the 
positive charges (nuclei) towards the negatively charged 
plate. The electrons in the dielectric (insulator) are not free to 
move but it is possible that the electrons and nuclei can 
undergo slight displacement when subjected to an electric 
field. As a result of this displacement the centre of positive 
and negative charges now no longer coincide with each other 
and one end of molecules shows a negative charge and the 
other end, an equal amount of positive charge but the 
molecule as a whole is still neutral. Two equal and opposite 
charges separated by a small distance are said to constitute 
a dipole. Thus the molecules of the dielectric under the action 
of electric field become dipoles and the dielectric is said to be 
polarized. 


The effect of the polarization of dielectric is shown in 
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Fig. 12.26. The positively charged plate attracts the negative 
end of the molecular dipoles and the negatively charged plate 
attracts the positive end. Thus the surface of the dielectric 
which is in contact with the positively charged plate places a 
layer of negative charges on the plate. Similarly the surface of 
the dielectric in contact with the negatively charged plate 
places a layer of positive charges. It effectively decreases the 
surface density of the charge o on the plates. As the electric 
intensity E between the platesis , so E decreases due to 





Bs 
polarization of the dielectric. This results into a decrease of 
potential difference between the plates due to presence of 
dielectric as demonstrated by the experiment described in the 
previous section, 


A capacitor is a device to store charge. Alternatively, it is 
possible to think of a capacitor as a device for storing 
electrical energy. After all, the charge on the plate possesses 
electrical potential energy which arises because work is to be 
done to deposit charge on the plates. This is due to the fact 
that with each small increment of charge being deposited 
during the charging process, the potential difference 
between the plates increases, and a larger amount of work is 
needed to bring up next increment of charge. 


Fig. 12.26 


Initially when the capacitor is uncharged, the potential 
difference between plates is zero and finally it becomes V 
when q charge is deposited on each plate. Thus, the average 


potential difference is a= . yy 


Therefore P.E.=Energy= ; qV 


Using the relation q= CVfor capacitor we get 

Energy=— OV srs iui (12.53) 
It is also possible to regard the energy as being stored in 
electric field between the plates, rather than the potential 
energy of the charges on the plates. Such a view point is 
useful when electric field strength between the plates instead 
of charges on the plates causing field is to be considered. 
This relation can be obtained by substituting V = Ed and 
C=Ace/din Eq.12.53, 


25 





Energy = 5 Atits \eEd ie 


= 3 c,€,E° x (Ad) 
As (Ad)is volume between the plates so 
Energy 1 | ee 
-=> £, ET 12.54 
This equation is valid for any electric field strength. © 





Energy density = 


a yee 1, Seana AME DIS CHRIS 









Large RC 


Small RC 


(b) t 


Many electric circuits consist of both capacitors and 
resistors. Fig.12.27 shows a resistor-capacitor circuit called 
R-C-circuit, When the switch S is set at terminal A, the R-C 
combination is connected to a battery of voltage V, which 
starts charging the capacitor through the resistor R. 


The capacitor is not charged immediately, rather charges 
build up gradually to the equilibrium value of g, = CV,. The 
growth of charge with time for different resistances is shown 
in Fig.12.28. According to this graph q = 0 at f = 0 and 
increases gradually with time till it reaches its equilibrium 
value q, = CV,. The voltage V across capacitor at any instant 
can be obtained by dividing qg by C, as V=q/C. 


How fast or how slow the capacitor is charging or 
discharging, depends upon the product of the resistance R 
and the capacitance C used in the circuit. As the unit of 
product RC is that of time, so this product is known as time 
constant and is defined as the time required by the capacitor 
to deposit 0,63 times the equilibrium charge q,. The graphs of 
Fig.12.28 show that the charge reaches its equilibrium value 
sooner when the time constantis small. 


Fig. 12.29(a) illustrates the discharging of a capacitor 
through a resistor. In this figure, the switch S$ is set at point B, 
so the charge +q on the left plate can flow anti-clockwise 
through the resistance and neutralize the charge -q on the 
right plate. 

The graphs in Fig. 12.29(b) shows that discharging begins at 
t= 0 when q = CV, and decreases gradually to zero. Smaller 
values of time constant RC lead to a more rapid discharge. 
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+ = Tyee A fad bee 
Puttin g/= qt, ls equation tr 







proportional to a ee if 





the square ofthe distance between them. he | 
e Electric field force per unt charge ata point is called electric field strength or 6 st A 


- field intensity at that r iN 


‘© The number of the field fines passing through ; a certain element et area is known as 
electric flux through that area, denoted by ®. 
























° The electric flux ® through a vect eee tithe slectic hed 1 legal te is ed ve 
® = E.A = EA cos®, where @ is the anc | 
surface area. 

» Gauss's law is stated as "the fue thyoughy Bak closed surface i is te, times the net 
charge enclosed in it. 

. ‘The interior ofa hollow charged metal sphereis afield free region. | 3 : = 

- The electric intensity betw ween two oppositely charged parallel plates is E= a ; 

* The amount of work done in bringing a unit positive charge from infinity toa point 
against electric field isthe electric potential atthat point. : 
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Capacitance of acapacitor is a measure of the ability of a capacitor to store charge. 


Le ae 
The capacitance of a parallel plate capacitoris C,.. = . = a ; 
The increase in the capacitance of a capacitor due to presence of dielectric is due to 
electric polarization of the dielectric. 





The potential is constant throughout a given region of space. Is the electrical field 
zero or non-zero in this region? Explain. 


Suppose that you follow an electric field line due to a positive point charge. Do 
electric field and the potential increase or decrease? 


How can you identify that which plate of a capacitor is positively charged? 


Describe the force or forces on a positive point charge when placed between parallel 
plates 


(a) withsimilarandequalcharges (6) withopposite and equal charges 
Electric lines of force never cross. Why? 


Ifa point charge g of mass mis released in a non-uniform electric field with field lines 
pointing inthe same direction, will it make a rectilinear motion? 


\s Enecessarily zero inside a charged rubber balloon if balloon is spherical? Assume 
that charge is distributed uniformly over the surface. 


Is it true that Gauss's law states that the total number of lines of forces crossing any 
closed surface in the outward direction is proportional to the net positive charge 
enclosed within surface? 


Do electrons tend to go to region of high potential or of low potential? 





Compare magnitudes of electrical and gravitational forces exerted on an object 
(mass = 10.0 g, charge = 20.0 uC) by an identical object that is placed 10.0 cm from 
the first. (G =6.67 x 10” Nm*kg*) 


(Ans: = = 5.4x 10") 


a 
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12.2 


12.3 


12.5 


12.6 


12.7 


12.8 


12.10 


Calculate vectorially the net electrostatic force on q as shown in the figure. 





(Ans: F = 0.058 iN) 
A point charge g = - 8.0 x 10° C is placed at the origin. Calculate electric field at a 


point 2.0 m from the origin on the z-axis. [Ans: (-1.8 x10° INC") 
Determine the electric field at the position r = (4 i+ 3] )m caused by a point charge 
gq = 5.0 x 10° C placed at origin. [Ans: (1440; + 1080) )N C’] 


Two point charges, g, = -1.0 x 10°C and g, = + 4.0x 10° C, are separated by a 
distance of 3.0 m. Find and justify the zero-field location. (Ans: 3.0 m) 
Find the electric field strength required to hold suspended a particle of mass 
1.0x10°kg and charge 1.0uc between two plates 10.0 cm apart. (Ans: 9.8 vm’) 


A particle having a charge of 20 electrons on it falls through a potential difference of 
100 volts. Calculate the energy acquired by it in electron volts (eV). [Ans: (2.0 x 10° eV)] 


In Millikan's experiment, oil droplets are introduced into the space between two flat 
horizontal plates, 5.00 mm apart. The plate voltage is adjusted to exactly 780V so 
that the droplet is held stationary. The plate voltage is switched off and the selected 
droplet is observed to fall a measured distance of 1.50 mmin 11.2 s. Given that the 
density of the oil used is 900 kg m”, and the viscosity of air at laboratory temperature 
is 1.80x 10° Nm’s, calculate 
a) The mass, and b) Thecharge on the droplet (Assume g =9.8 ms‘) 
[Ans: (a) 5.14 x 10 kg, (b) 3.20 x 10 C] 
Aproton placed in a uniform electric field of 5000 NC" directed to right is allowed to 
go a distance of 10.0 cm fromAto B, Calculate 
(a) Potential difference between the two points 
(b) Work done by the field 
(c) The change in P.E. of proton 
id)  Thechangeink.E. of the proton 
(e) Its velocity (mass of proton is 1.67 x 10°’kg) 
(Ans: -500 V, 500 eV, -500 eV, 500 eV, 3.097 x 10° ms’) 
Using zero reference point at infinity, determine the amount by which a point charge 
of 4.0x 10° C alters the electric potential at a point 1.2 m away, when 
(a) Charge is positive (b) Charge is negative 
(Ans: +3.0 x 10° V, -3.0 x 10° V) 
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In Bohr's atomic model of hydrogen atom, the electron is in an orbit around the 
nuclear proton at a distance of 5.29 x 10" 'm with a speed of 2.18 x 10° ms". 
(e= 1.60x 10°C, mass of electron = 9.10 x 10kg). Find 


(a) The electric potential that a proton exerts at this distance 
(b) Total energy of the atom in eV 
(c) The ionization energy for the atom ineV 

(Ans: +27.20 V, -13.6 eV, +13.60 eV) 
The electronic flash attachment for a camera contains a capacitor for storing the 
energy used to produce the flash. In one such unit, the potential difference between 


the plates of a 750 uF capacitor is 330 V. Determine the energy that is used to 
produce the flash. (Ans: 40.8 J) 


3 Acapacitor has a capacitance of 2.5 x 10° F. In the charging process, electrons are 


removed from one plate and placed on the other one. When the potential difference 
between the plates is 450 V, how many electrons have been transferred? 
(e=1.60x 10°C) (Ans: 7.0x 10" electrons) 
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Learning Objectives 
At the end of this chapter the students will be able to: 
1: 


Zs 
3: 
4. 
2. 





Understand the concept of steady current. 
Describe some sources of current. 
Recognize effects of current. 

Understand and describe Ohm's law. 


Sketch and explain the current-voltage characteristics of a metallic conductor at 
constant temperature, diode and filamentlamp. 


Understand resistivity and explain its dependence upon temperature. 
Understand and elaborate conductance and conductivity of conductor. 


Solve problems relating the variation of resistance with temperature for one 
dimension current flow. 


Know the value of resistance by reading colour code on it. 

Know the working and use of rheostat in the potential divider circuit. 
Describe the characteristics of thermistor. 

Use the energy considerations to distinguish between emf and p.d. 


Understand the internal resistance of sources and its consequences for external 
circuits. 


Describe the conditions for maximum power transfer, 

Know and use the application. of Kirchhoff's first law as conservation of charge. 
Know and use the application of Kirchhoff s second law as conservation of energy. 
Describe the function of Wheatstone Bridge to measure the unknown resistance. 


Describe the function of sige aia to measure and compare potentials without 
drawing any current from the circuit. 


HVE ost practical applications of electricity involve charges in motion or the electric current. 
Alight bulb glows due to the flow of electric current. The current that flows through the coil of 
a motor causes its shaft to rotate. Most of the devices in the industry and in our homes 
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operate with current. The electric current has become a 
necessity of ourlife. * 


An electric current is caused by the motion of electric charge. 
If a net charge AQ passes through any cross section of a 
conductor in time At, we say that an electric current / has 
been established through the conductor where 


goskQ : 

f=— anuseeee 13.1 

Lame Asie (13.1) 
The Sl unit of current is ampere and it is a current due to flow 
of charge at the rate of one coulomb per second. 
Motion of electric charge which causes an electric current is 
due to the flow of charge carriers. In case of metallic 
conductors, the charge carriers are electrons. The charge 
carriers in electrolyte are positive and negative ions e.g., ina 
CuSO, solution the charge carriers are Cu™ and SO , ions. 
In gases, the charge carriers are electrons and ions. 





Current Direction 


Early scientists regarded an electric current as a flow of 
positive charge from positive to negative terminal of the 
battery through an external circuit. Later on, it was found that 
a current in metallic conductors is actually due to the flow of 
negative charge carriers called electrons moving in the 
opposite direction i.e., from negative to positive terminal of 
the battery, but it is a convention to take the direction of 
current as the direction in which positive charges flow. This 
current is referred as conventional current. The reason is that 

Dita teh WER Ie ithas been found experimentally that positive charge moving 
shock The potential difference in one direction is equivalent in all external effects to a 
between the head and tail of an negative charge moving in the opposite direction. As the 
con ahd ada current is measured by its external effects so a current due to 
motion of negative charges, after reversing its direction of 
flow can be substituted by an equivalent current due to flow of 
positive charges. Thus 



















—_— 
yy 


While analyzing the electric circuit, we use the direction of the 
current according to the above mentioned convention. 
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If we wish to refer to the motion of electrons, we use the term 
electronic current (Fig. 13.1}. 





| Current Througha Metallic Conductor 


In a metal, the valence electrons are not attached to 
individual atoms but are free to move about within the body. 
These electrons are known as free electrons. The free 
electrons are in random motion just like the molecules of a 
gas in a container and they act as charge carriers in metals. 
The speed of randomly moving electrons depends upon 
temperature. 


If we consider any section of metallic wire, the rate at which 
the free electrons pass through it from right to left is the same 
as the rate at which they pass from left to right (Fig. 13.2 a). 
As a result the current through the wire is zero. If the ends of 
the wire are connected to a battery, an electric field E will be 
set up at every point within the wire (Fig. 13.2 b). The free 
electrons will now experience a force in the direction opposite 
to E.-As a result of this force the free electrons acquire a 
motion in the direction of -E. lt may be noted that the force 
experienced by the free electrons does not produce a net 
acceleration because the electrons keep on colliding with the 
atoms of the conductor. The overall effect of these collisions 
is to transfer the energy of accelerating electrons to the lattice 
with the result that the electrons acquire an average velocity, 
called the drift velocity in the direction of -E (Fig. 13.2 b). The 
drift velocity is of the order of 10°ms", whereas the velocity of 
free electrons at room temperature due to their thermal 
motion is several hundred kilometres per second. 


Thus, when an electric field is established in a conductor, the 
free electrons modify their random motion in such a way that 
they drift slowly in a direction opposite to the field. In other 
words the electrons, in addition to their violent thermal 
motion, acquire a constant drift velocity due to which a net 
directed motion of charges takes place along the wire and a 
current begins to flow through it. A steady current is 
established in a wire when a constant potential difference is 
maintained across it which generates the requisite electric 
field E along the wire. 


Eyamnia 4% 4. 
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Fig. 13.1 


Free electron Atom 








j = When two conductors at different potentials are joined by a 
metallic wire, current will flow through the wire. The current 
continues to flow from higher potential to the lower potential 
until both are at the same potential (Fig. 13.3). After this the 
current ceases to flow. Thus the current through the wire 
decreases from a maximum value to zero. In order to have a 
constant current the potential difference across the conductors 
or the ends of the wire should be maintained constant. This is 
achieved by connecting the ends of the wire to the terminals of 
adevice called a source of current (Fig. 13.4). 


Every source of current converts some non electrical energy 
such as chemical, mechanical, heat or solar energy into 
electrical energy. There are many types of sources of current. 
Afew examples are mentioned below: 


(i) Cells (primary as well as secondary) which convert 
chemical energy into electrical energy. 


t (ii) Electric generators which convert mechanical energy 
into electrical energy, 


(iil) Thermo-couples which convert heat energy into 


F For your inornation inate 
(ivy) Solar cells which convert sunlight directly into 


electrical energy. 


43 presence of electric current can ae fe by the 


various effects which it produces. The obvious effects of the 
current are: 


(i) Heating effect 
(ii) Magnetic effect 
(iii) Chemical effect 
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, Heating Effect 

Current flows through a metallic wire due to motion of free 
electrons. During the course of their motion, they collide 
frequently with the atoms of the metal. At each collision, they 
lose some of their kinetic energy and give it to atoms with 
which they collide. Thus as the current flows through the wire, 
it increases the kinetic energy of the vibrations of the metal 
atoms. i.e., it generates heat in the wire. It is found that the 
heat H produced by a current / in the wire of resistance R 
during a time interval fis given by 


H=I'Rt 
The heating effect of current is utilized in electric heaters, 
kettles, toasters and electric irons etc. 





MEtehta ite Effect 





The passage of current is always accompanied by a 
magnetic field in the surrounding space. The strength of the 
field depends upon the value of current and the distance from 
the current element. The pattern of the field produced by a 
current carrying straight wire, a coil and a solenoid is shown 
in Fig. 13.5 (a, b & c). Magnetic effect is utilized in the 
detection and measurement of current. All the machines 
involving electric motors also use’ the magnetic effect of 
current. 


Chemical Effect 








Certain liquids such as dilute sulphuric acid or copper 


sulphate solution conduct electricity due to some chemical | 
reactions that take place winin them. The study of this process 
is known as electrolysis. The chemical changes produced 
during the electrolysis of a liquid are due to chemical effects of 
the current. It depends upon the nature of the liquid and the 
quantity of electricity passed through the liquid. 


The liquid which conducts current is known as electrolyte. The 
material in the form of wire or rod or plate which leads the 
current into or out of the electrolyte is known as electrode. The 
electrode connected with the positive terminal of the current 
source is called anode and that connected with negative 
terminal is known as cathode. The vessel containing the two 
electrodes and the liquid is known as voltameter. As an 
example we will consider the electrolysis of copper sulphate 
solution. The voltameter contains dilute solution of copper 
sulphate. The anode and cathode are both copper plates 
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(b)) 








Fig.13.6 


(Fig. 13.6). When copper sulphate is dissolved in water, it 
dissociates into Cu” and SO”, ions. On passing current 
through the voltameter. Cu” moves towards the cathode and 
the following reaction takes place. 


Cu” +2e———- Cu 


The copper atoms thus formed are deposited at cathode 
plate. While copper is being deposited at the cathode, the 
SO’, ions move towards the anode. Copper atoms from the 
anode go into the solution as copper ions which combine with 
sulphate ions to form copper sulphate. 

Cu” +S0,°—— CuSO, 
As the électrclysis ‘proceeds, copper is ‘continuously 
deposited on the cathode-while an equal amount of copper 
from the anode is dissolved into the solution and the 
density of copper sulphate solution remains unaltered. 


This example also illustrates the basic principle of 
electroplating - a process of coating a thin layer of some 
expensive metal (gold, silver etc.) on an article of some 


We have seen that when a battery is connected across a 
conductor, an electric current begins to flow through it. How 
much current flows through the conductor when a certain 
potential difference is set up across its ends? The answer to 
this question was given by a German Physicist George 
Simon Ohm. He showed by elaborate experiments that the 
current through a metallic conductor is directly proportional to 
the potential difference across its ends. This fact is known as 
Ohms' law which states that 





Symbolically Ohm's law can be written as 









Itim WES (al — - 2 tia" eS 5! eee Td.2, 
where R, the constant of proportionality is called the 
resistance of the conductor. The value of the resistance 
depends upon the nature, dimensions and the physical state 


of the conductor. In fact the resistance is a measure of the 
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opposition to the motion of electrons due to their continuous 
bumping with the atoms of the lattice. The unit of resistance is 
ohm. A conductor has a resistance of 1 ohm if a current of 1 
ampere flows through it when a potential difference of 1 volt is 
applied across its ends. The symbol of ohm is ©. If is measured 
sil ina vn Vere sila atlashi ia 





A sample of a ‘condiictes is said to obey ( Ohm's law if its 
resistance R remains constant that is, the graph of its 
V versus / is exactly a straight line (Fig. 13.7). A conductor 
which strictly obeys Ohm's law is called ohmic. However, 
there are devices, which do not obey Ohms' law i.e., they are 
non ohmic. The examples of non ohmic devices are filament 
bulbs and semiconductor diodes. 


Let us apply a certain potential difference across the 
terminals of a filament lamp and measure the resulting 
current passing through it. If we repeat the measurement for 
different values of potential difference and draw a graph of 
voltage V versus current /, itwill be seen that the graph is nota 
straight line (Fig. 13.8). It means that a filament is a non 
ohmic device. This deviation of /- Vgraph from straight line is 
due to the increase in the resistance of the filament with 
temperature - a topic which is discussed in the next section. 
As the current passing through the filament is increased from 
zero, the graph is a straight line in the initial stage because 
the change in the resistance of the filament with temperature 
due to small current is not appreciable. As the current is 
further increased, the resistance of the filament continues to 
increase due to rise in its temperature. 


Another example of non ohmic device is a semiconductor 
diode. The current - voltage plot of such a diode is shown in 
Fig. 13.9. The graph is not a straight line so semi conductor is 
also anon ohmic device. 


Review of Series and Parallel Combinations of Resistors 





connection together 7 There are two arieiguonaals in which 
resistors can be connected with each other ., one is known as 
series arrangement and other one as parallel arrangement. 


If the resistors are connected end to end such that the same 
current passes through all of them, they are said to be 
connected in series as shown in Fig. 13.10(a). There 
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Fig.13.8 
f 
Y——> 
Fig.13.9 
y R, Ry, 
3A AAA 

R= FR, + A+ Ry 

Fig.13.70 (a) 





equivalent resistance R, is given by 

R,=R,+R,+R,+ ------ ereik areal (13.4) 
In parallel arrangement a number of resistors are. 
connected side by side with their ends joined together at 
two common points as shown. in Fig. 13.10(b). The 
equivalent resistance R, of this arrangement is given by 

¢ eee (ees Sere 





It has been experimentally seen that the resistance FR of a 
wire is directly proportional to its length L and inversely 
proportional to its cross sectional area A. Expressing 
mathematically we have 

Re 

A 

or R= ae soaeeeubes (13.6) 
where pis a constant of proportionality known as resistivity of 
specific resistance of the material of the wire. Itmay be noted 
that resistance is the characteristic of a particular wire 
whereas the resistivity is the property of the material of which 
the wire is made. From Eq. 13.6 we have 


ieee oseeenne Bo (13.7) 


The above equation gives the definition of resistivity as the 
resistance of a metre cube of a material. The SI unit of 
resistivity is onm-metre (0m). 


Conductance is another quantity used to describe the 
electrical properties of materials. In fact conductance is the 
reciprocal of resistance i.e., 

Cond uctance = ae ele 
resistance (R) 
The SI unit of conductance is mho or siemen. 


Likewise conductivity, ais the reciprocal of resistivity i.e., 
ad aa = his8) 
p 
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The SI unit of conductivity is ohm'm” or.mh m". Resistivity of 
various materials are given in Table 13.1. 


It may be noted from Table 13.1 that silver and copper are two 
best conductors. That is the reason that most electric wires 
are made of copper. 


The resistivity of a substance depends upon the temperature 
also. It can be explained by recalling that the resistance 
offered by a conductor to the flow of electric current is due to 
collisions, which the free electrons encounter with atoms of 
the lattice. As the temperature of the conductor rises, the 
amplitude of vibration of the atoms in the lattice increases 
and hence, the probability of their collision with free electrons } 
also increases. One may say that the atoms then offer a 
bigger target, that is, the collision cross-section of the atoms 
increases with temperature. This makes the collisions 
between free electrons and the atoms in the lattice more 
frequent and hence, the resistance of the conductor 
increases. 


Experimentally the change in resistance of a metallic 
conductor with temperature is found to be nearly linear overa 
considerable range of temperature above and below 0 °C 
(Fig. 13.11). Over such a range the fractional change in 
resistance per kelvin is known as the temperature coefficient 
of resistance .e., 
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where R and Ra are e resisinnices at rncerauire 0 °C and t’C. 

As resistivity p depends upon the temperature, Eq. 13.6 gives 
R=pLIA and R=p.LiA 

lh i isd values of R,and R,in Eq. 13.9, we east 


p(am)—> 







where Be is the o resistivity of a eonductor atO°C and p, is the 


resistivity at f °C. Values of temperature co-efficients of 
resistivity of some substances are also listed in Table 13.1, 


There are some substances like germanium, silicon etc., 
whose resistance decreases with increase in temperature. 
.e., these substances have negative temperature coefficients, 
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2 7 0002 t 10% 
R= 27000 0 (+ 10% ) 








Carbon resistors are most common in electronic equipment. They 
onsist of a high-grade ceramic rod or cone (called the substrate 
on which is deposited a thin resistive film of carbon. The numerical 
value of their resistance is indicated by a colour code which 
consists of bands of different colours printed on the body of the 
resistor, The colour used in this code and the digits represented by 

them are given in Table 13.2. 
Usually the code consists of four bands (Fig. 13.12). Starting 
from left to right, the colour bands are interpreted as follows: 


1. The first band indicates the first digit in the numerical 
value of the resistance. 


2. The second band gives the second digit. 
The third band is decimal multiplier i.e., it gives the 
number of zeros after the first two digits. 


4. The fourth band gives resistance tolerance. Its colour 
is either silver or gold. Silver band indicates a 
tolerance of + 10%, a gold band shows a tolerance of 
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+ 5 %. If there is no fourth band, tolerance 's 
understood to be + 20%. By tolerance, we mean the 
possible variation from the marked value. For 
example, a 1000 © resistor with a tolerance of + 10% 
will have an actual resistance anywhere between 
9000 and 11000. 


tt is a wire wound variable resistance. It consists of a bare 


manganin wire wound over an insulating cylinder. The ends 
of the wire are connected to two fixed terminals A and B 
(Fig. 13.13 a). A third terminal C is attached to a sliding 
contact which can also be moved over the wire. 


A rheostat can be used as a variable resistor as well as a 
potential divider. To use it as a variable resistor one of the 
fixed terminal say A and the sliding terminal C are inserted in 
the circuit (Fig. 13.13 b). In this way the resistance of the wire 
between A and the sliding contact C is used. If the sliding 
contact is shifted away from the terminal A, the length and 
hence the resistance included in the circuit increases and if 
the sliding contact is moved towards A, the resistance 
decreases. Arheostat can also be used as a potential divider. 


This is illustrated in Fig. 13.14. A potential difference V is 
applied across the ends A and B of the rheostat with the help 
of a battery. If R is the resistance of wire AB, the current / 
passing through itis given by /=V/R. 


The potential difference between the portion BC of the wire 
AB is given by 


Voc = Current x resistance 


2 aaa: Bo gS (13.11) 
> xr R Vv 
where ris the resistance of the portion BC of the wire. The 
circuit shown in Fig. 13.14 is known as potential divider. 
Eq.13.11 shows that this circuit can provide at its output 
terminals a potential difference varying from zero to the full 
potential difference of the battery depending on the position of 
the sliding contact. As the sliding contact C is moved towards 
‘the end B, the length and hence the resistance rof the portion 
BC of the wire decreases which according to Eq. 13.11, 
decreases V,.. On the other hand if the sliding contact C is 
moved towards the end A, the output voltage V,, increases. 
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| THermistors 


A thermistor is a heat sensitive resistor. Most thermistors 
have negative temperature coefficient of resistance |.e., the 
resistance of such thermistors decreases when their 
temperature is increased. Thermistors with positive 
temperature coefficient are also available. 


Thermistors are made by heating under high pressure 
semiconductor ceramic made from mixtures of metallic 
oxides of manganese, nickel, cobalt, copper, iron etc. These 
are pressed into desired shapes and then baked at high 
temperature. Different types of thermistors are shown in 
Fig.13.15. They may be in the form of beads, rods or washers. 


Thermistors with high negative temperature coefficient are 
very accurate for measuring low temperatures especially 
near 10 K. The higher resistance at low temperature enables 
more accurate measurement possible. 


Thermistors have wide applications as temperature sensors 
Le., they convert changes of temperature into electrical 
voltage which is duly processed. 


Consider a circuit consisting of a battery E connected in 
series with a resistance AR (Fig. 13.16). A steady current / 
flows through the circuit and a steady potential difference V 
exists between the terminals A and B of the resistor R. 
Terminal A, connected to the positive pole of the battery, is at 
a higher potential than the terminal B. In this circuit the 
battery is continuously lifting charge uphill through the 
potential difference V. Using the meaning of potential 
difference, the work done in moving a charge AQ up through 
the potential difference Vis given by 


Work done =AW=VxA@........., (13.12) 
This is the energy supplied by the battery. The rate at which 
the battery is supplying electrical energy is the power output 
or electrical power of the battery. Using the definition of | 
power we have 


Energy supplied _ V AQ 


Electrical : 
iititinmete  ., At 
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Since _ AQ , 50 
At 


- Electrical power = Vx/ Salat, (13. 12a) 


£9.13.122:Is a general relation for power delivered from a 
source of current / operating on a voltage V. In the circuit 
shown in Fig.13.16 the power supplied by the battery is 
expended or dissipated in the resistor R. The principle of 
conservation of energy tells us that the power dissipated in 
the resistor is also given by Eq. 13.12.a 


Power dissipated (P) = Vx J pyieats bas (13.13) 


Alternative equation for calculating power can be found by 
substituting V=/R, /=WR intuminEg. 13.13 


P=Vx/=IRxI=LR 
2 
P=Vxt=vx MY 
ROR 
Thus we have three equations for calculating the power 
dissipated in a resistor. 


ea 
P=VxI, P=IR, P= = veese (13.14) 


If Vis expressed in volts and /in amperes, the power is 
expressed in watts. 


We know that a source of electrical energy, say a cell or a 
battery, when connected across a resistance maintains a 
steady current through it (Fig. 13.17). The cell continuously 
supplies energy which is dissipated in the resistance of the R 
circuit. Suppose when a steady current has been established 

in the circuit, a charge AQ passes through any cross section 

of the circuit in time At. During the course of motion, this 

charge enters the cell at its low potential end and leaves at its 

high potential end. The source must supply energy AWto the , fig. 43.47 Electromotive force of a 
positive charge to force it to go to the point of high potential. cell. 

The emf E of the source is defined as the energy supplied to 


unit charge by the cell. 
ie bap se ; eee SUES ES) 
pie, pet AD : 
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It may be noted that electromotive force is not a force and we 
do not measure it in newtons. The unit of emf is 
joule/coulomb which is volt (\V). 


The energy supplied by the cell to the charge carriers is 
derived from the conversion of chemical energy into 
electrical energy inside the cell. 


Like other components in a circuit a cell also offers some 
resistance. This resistance is due to the electrolyte present 
between the two electrodes of the cell and is called the 
internal resistance rof the cell. Thus a cell of emf E having an 
internal resistance ris equivalent to a source of pure emf E 
with a resistance rin series as shown in Fig. 13.18. 


Let us consider the performance of a cell of emf E and 
internal resistance r as shown in Fig. 13.19. A voltmeter of 
infinite resistance measures the potential difference across 
the external resistance R or the potential difference V across 
the terminals of the cell. The current / flowing through the 
circuit is given by 
E 
R+r 





Here / R = Vis the terminal potential difference of the cell in 
the presence of current /. When the switch S is open, no 


. current passes through the resistance. In this case the 


voltmeter reads the emf E as terminal voltage. Thus terminal 
voltage in the presence of the current (switch on) would be 
less than the emf Eby /r. 


Let us interpret the Eq. 13.16 on energy considerations. The 
left side of this equation is the emf E of the cell which is equal 
to energy gained by unit charge as it passes through the cell 
from its negative to positive terminal. The right side of the 
equation gives an account of the utilization of this energy as 
the current passes the circuit. It states that, as a unit charge 
passes through the circuit, a part of this energy equal to / ris 
dissipated into the cell and the rest of the energy is dissipated 
into the external resistance R. \tis given by potential drop / R. 
Thus the emf gives the energy supplied to unit charge by the 
cell and the potential drop across the various elements 
account for the dissipation of this energy into other forms as 
the unit charge passes through these elements. 

The emf is the “cause” and potential difference is its "effect". 
The emf is always present even when no current is drawn 
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through the battery or the cell, but the potential difference 
across the conductor is zero when no current flows through it. 


Do You Know? 





| Maximum Power Output 


In the circuit of Fig. 13.19, as the current / flows through the “ 


resistance A, the charges flow from a point of higher potential 
to a point of lower potential and as such, they loose potential 
energy. If V is the potential difference across R, the loss of 
potential energy per second is V /. This loss of energy per 
second appears in other forms of energy and is known as 
power delivered to R by current /. 


# Power deliveredtoR=P,,=V/ 













=[R ( V=IR) 


ea the 
Se. his 
‘ —s = aA 





3 We | essai 





when R =r, the denominator of the expression of P.,, is least 
and so F.,, is then a maximum. Thus we see that maximum 
power is delivered to a resistance (load), when the internal 
resistance of the source equals the load resistance. The 
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vou of this maximum output power as given by Eq. 13.17 is 
E 

4R ——__ : 
Ohm's law and rules of series and parallel combination of 
resistance are quite useful to analyze simple electrical 
circuits consisting of more than one resistance. However 
such a method fails in the case of complex networks 
consisting of a number of resistors, and a number of voltage 
sources. Problems of such networks can be solved by a 
system of analysis, which is based upon two rules, known as 
Kirchhoff rules. 


“Kirchhoff's First Rule 





It states that the sum of all the currents meeting at a point in 
the circuitis zeroi.e., 


ri=0 seaeaie aAG) 
It is a convention that a current flowing towards a point is 
taken as positive and that flowing away from a point is taken 
as negative. 
Consider a situation where four wires meet at a point A 
(Fig, 13.20). The currents flowing into the point A are 
J, and J, and currents flowing away from the point are J, and J/,. 
According to the convention currents /, and /, are positive and 
currents /, and /, are negative. Applying Eq. 13.18 we have 


I, +1,+(-1,)+(-1,)=0 
or DARE sees (1349) 


Using Eq. 13.19 Kirchhoff first rule can be stated in other 
words as 





Kirchhoff first rule which is also known as Kirchhoff's point 
rule is a manifestation of law of conservation of charge. If 
there is no sink or source of charge at a point, the total charge 
flowing towards the point must be equal to the total charge 
flowing away from it. 
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Kirchhoff's Second Rule 


It states that the algebraic sum of voltage changes in a closed 
circuit or a loop must be equal to zero. Consider a closed 
circuit shown in Fig. 13.21. The direction of the current / 
flowing through the circuit depends on the cell having the 
greater emf. Suppose E, is greater than E,, so the current 
flows in counter clockwise direction (Fig. 13.21). We know 
that a steady current is equivalent to a continuous flow of 
positive charges through the circuit. We also know that a 
voltage change or potential difference is equal to the work 
done on a unit positive charge or energy gained or lost by it in 
moving from one point to the other. Thus when a positive 
charge AQ due to the current / in the closed circuit 
(Fig. 13.21), passes through the cell E, from low (-ve) to high 
potential (+ve), it gains energy because work is done on it. 








Using Eq.. 13.12 the energy gain is E; AQ. When the current: ‘ul 


Passes through the cell E, it loses energy equai to - E, AQ 
because here the charge passes from high to low potential. In 
going through the resistor R,. the charge AQ loses energy 
equal to-/ R, \Q where / R, is potential difference across R.. 
The minus sign shows that the charge is passing from high to 
low potential. Similarly the loss of energy while passing 
through the resistor R, is -/ R, AQ. Finally the charge reaches 
the negative terminal of the cell E, from where we started. 
According to the law of conservation of energy the total . 
change in energy of our system is zero. Therefore, we can 
write 


satel ad pi ie TRAM 0 





Fa Na iy Ca a 





We have seen that this rule is simply a particular way of 
stating the law of conservation of energy in electrical 
problems. 


Before applying this rule for the analysis of complex network 
itis worthwhile to thoroughly understand the rules for finding 
the potential changes. 
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R100, R,=300, A210 
E,=40V, &,=60V, &,=50V 
Fig. 13.22 


(i) If a source of emf is traversed from negative to 
positive terminal, the potential change is positive, itis 
negative in the opposite direction. 

(ii) Ifa resistor is traversed in the direction of current, the 
change in potential is negative, it is positive in the 
opposite direction. 


Example 13.6: Calculate the currents in the three 
resistances of the circuit shown in Fig. 13.22. 


Solution: 


First we select two loops abcda and ebcfe. The choice of 
loops is quite arbitrary, but it should be such that each 
resistance is included at least once in the selected loops. 


After selecting the loops, suppose a current /, is flowing in the 
first loop and J, in the second loop, all flowing in the same 
sense. These currents are called loop currents. The actual 
currents will be calculated with their help. It should be noted 


‘that the sense of the current flowing in all loops should 


essentially be the same. It may be clockwise or anticlockwise. 
Here we have assumed it to be clockwise (Fig. 13.22). 

We now apply Kirchhoff's second rule to obtain the equations 
required to calculate the currents through the resistances. We 
first consider the loop abcda. Starting at a point ‘a’ we follow 
the loop clockwise. The voltage change while crossing the 
battery E, is - E, because the current flows through it from 
positive to negative. The voltage change across A, Is - /,F,. 
The resistance R, is common to both the loops /, and /, 
therefore, the currents /, and J, simultaneously flow through it. 
The directions of currents J, and /, as flowing through R, are 
opposite, so we have to decide that which of these currents is 
to be assigned a positive sign. The convention regarding the 
sign of the current is that if we are applying the Kirchhoffs 
second rule in the first loop, then the current of this loop i.e, /, 
will be assigned a positive sign and all currents, flowing 
opposite to J, have a negative sign. Similarly, while applying 
Kirchhoffs second rule in the second loop, the current /, will be 
considered as positive and J, as negative. Using this 
convention the current flowing through R, is (/, - /,) and the 


voltage change across is - (/, - ,) R,. The voltage change 


across the battery E, is E,. Thus the Kirchhoffs second rule as 
applied to the loop abcda gives 
-E,-1,R,-(I,-1)R,+E, =0 
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Substituting the values, we have 
-40V-/,x100-(/,-4£)x309+60V=0 
20V-100x[/,+3(/,,-£)]=0 
OF ARF RR=SVON RAZA vrccessens (13.21), 
Similarly applying Kirchhoffs second rule to the loop ebcfe, 
we get 
-E,-(/,-1,) R,- 1, R,+ E, =0 
Substituting the values, we have 
-60V- (/,- /,)x300-1,x150+50V=0 
-10V-150x[J,+2(/,-1,)]=0 
or 6h-9R=2VQ=2A oo acaeeeess (13.22) _ 
solving Eq. 13.21 and Eq. 13.22 for/, and J,, we get 
I, == A sand Lee A 
Knowing the values of loop currents /, and J, the actual 
current flowing through each resistance of the circuit can be 
determined. Fig. 13.22 shows that /, and /, are the actual 
currents through the resistances R, and R,. The actual 


current through R, is the difference of /, and J, and its direction 
is along the larger current. Thus 


2 
The current through R, = J, =, A = 0.66 A flowing in the 
direction of /,i.e., froma tod. 


The current through R,=/,-/,= =A- ; 
the direction of J, i.e., fromctob. ~ 


The current through R, = J, ==A = 0.22 A flowing in the 
direction of J, i.e., fromftoe. 
cdgelezce(Flgzee) mele) |Vidtelanel@ Oi lceilijacdee)s)(=)00f— 


After solving the above problem we are in a position to apply 
the same procedure to analyse other direct current complex 
networks. While using Kirchhoff's rules in other problems, itis 
worthwhile to follow the approach given below: 


(i) Draw the circuit diagram. 


(ii) The choice of loops should be such that each 
resistance is included at least once in the selected loops. 


A= 0.44 A flowing in 
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(iii) Assume a loop current in each loop, all the loop 
currents should be in the same sense. It may be 
either clockwise or anticlockwise. 


(iv) Write the loop equations for all the selected loops. 
For writing each loop equation the voltage change 
across any Component is positive if traversed from 


low to high potential and it is negative if traversed 
from high to low potential. 


(w) Solve these equations for the unknown quantities. 


The Wheatstone bridge circuit shown in Fig. 13.23 consists 
of four resistances A, R,, R, and R, connected in such a way 
so as to forma meshABCDA. Abattery is connected between 
points A and C. A sensitive galvanometer of resistance R, is 
connected between points B and D. If the switch 5 is closed, 
a current will flow through the galvanometer. We are to 
determine the condition under which no current flows 
through the galvanometer even after the switch is closed. For 
this purpose we analyse this circuit using Kirchhoff's second 
rule. We consider the loops ABDA, BCDB and ADCA and 
assume anticlockwise loop currents J/,, /, and /, through the 
loops respectively. The Kirchhoff's second rule as applied to 
Hoa aa 

— -LR,- (I=. LE) R. -(1,-h) i =O “ee ave heave ~ (13. 23) 


Similarly by applying the Kirchhoffs second rule to loop 





“BCDB we have 
ADR (h-b)Re(b-h)R,=0 eee (13.24) 





The ollirent flowing through the galvanometer will be zero if, 
I, - 1, = 0 or I, = &§. With this condition Eq. 13.23 and 


as 13. zr (eclee 








— a eae 2 Po orts28) 
t Dividing Eq. 13.25 by Eq. 13.26 

SDI SUR RID Beri Ot TES 

real ati ; we =— = SMatetee (13.27) 

= es ; Ae 


Thus us whenever the SOraieon of Eq. 43. 2Tis vsatstied, no current 
flows through the galvanometer and it shows no deflection, or 
conversely when the galvanometer in the Wheatstone bridge 
circuit shows no deflection, Eq. 13.27 is satisfied. 
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If we connect three resistances R,, R, and R, of known 
adjustable values and a fourth resistance R, of unknown 
value and the resistances F\,, R, and R, are so adjusted that 
the galvanometer shows no deflection then, from the known 
resistances R,, R, and R, the unknown resistance R, can be 
determined by using Eq. 13.27. 


Potential difference is usually measured by an instrument 
called a voltmeter. The voltmeter is connected across the two 
points in a circuit between which potential difference is to be 
measured, It is necessary that the resistance of the voltmeter 
be large compared to the circuit resistance across which the 
voltmeter is connected. Otherwise an appreciable current will 
flow through the voltmeter which will alter the circuit current and 
the potential difference to be measured. Thus the voltmeter can 
read the correct potential difference only when it does not draw 
any current from the circuit across which it is connected. An 
ideal voltmeter would have an infinite resistance. 


However, there are some potential measurino instruments 
such as digital voltmeter and cathode ray oscilloscope which 
practically do not draw any current from the circuit because of 
their large resistance and are thus very accurate potential 
measuring instruments. But these instruments are very 
expensive and are difficult to use. A very simple instrument 
which can measure and compare potential differences 
accurately is a potentiometer. 


A potentiometer consists of a resistor R in the form of a wire 
on which a terminal C can slide (Fig. 13.24 a). The resistance 
between A and C can be varied from 0 to R as the sliding 
contact C is moved from A to B. If a battery of emf E is ri 
connected across A (Fig. 13.24 b), the current flowing 
through it is / = E/R. lf we represent the resistance between A 
and C by r, the potential drop between these points will be 
=r E/R. Thus as Cis moved from Ato B, rvaries from 0 to R 
and the potential drop between A and C changes from 0 to E. 
Such an arrangement also known as potential divider can be 
used to measure the unknown emf of a source by using the 
circuit shown in Fig. 13.25. Here Ris in the form of a straight 
wire of uniform area of cross section. A source of potential, 
say a cell whose emf E, is to be measured, is connected 
between A and the sliding contact C through a galvanometer 
G. It should be noted that the positive terminal of E, and that of Pig. 13.28 
the potential divider are connected to the same point A. If, in 
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the loop AGCA, the point C and the negative terminal of E, are 
at the same potential then the two terminals of the 
galvanometer will be at the same potential and no current will 
flow through the galvanometer. Therefore, to measure the 
potential E, the position of C is so adjusted that the 
galvanometer shows no deflection. Under this condition, the 
emf E, of the cell is equal to the potential difference between A 
and C whose value Er/Ris known. In case of a wire of uniform 
cross section, the resistance is proportional to the length of the 
ire. Therefore, the unknown emf is also given by 


“= => 4 
7 ae 





ad - 

ie a7 Cr 
= — oo 
2 * 


where L is the total length of the wire AB and ¢ is its length from 
Ato C, after C has been adjusted for no deflection. As the 
maximum potential that can be obtained between A and Cis E, 
so the unknown emf E. should not exceed this value, otherwise 
‘the null condition will not be obtained. It can be seen that the 
unknown emf &, is determined when no current is drawn from tt 
and therefore, potentiometer is one of the most accurate 
methods for measuring potential. 
The method for measuring the emf of a cell as described 
above can be used to compare the emfs E, and E, of two 
cells. The balancing lengths ¢, and/, are found separately for 
the two cells. Then, 
. - 
ri and E.,.=E L 


these twoe juations, get 


E.=E 


Dividin a] 








So the ratio of the emfs is equal to ratio balancing 


lengths. 


SUMMARY 
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13.2 
13.3 


Certain liquids conduct electricity due to some chemical reaction that takes place 
within them. The study of this process is known as electrolysis. 


The potential difference V across the ends of a conductor is directly proportional to 
the current / flowing through it provided the physical state such as temperature etc. 
ofthe conductor remains constant. 


The fractional change in resistance per kelvin is known as temperature coefficient of 
resistance. 


Athermistor is a heat sensitive resistor. Most thermistors have negative temperature 
coefficient of resistance. 

2 
Electrical power P= V/=/°R 2 


The emf E of the source is the energy supplied to unit charge by the cell. 


The sum of all the currents meeting at a point in a circuit is zero is the Kirchhoff's first 
rule. 


The algebraic sum of potential changes in a closed circuit is zero is known as 
Kirchhoff's second rule. 





A potential difference is applied across the ends of a copper wire. What is the effect 
on the drift velocity of free electrons by 


(i) increasing the potential difference 


(ii) decreasing the length and the temperature of the wire 
Do bends in a wire affect its electrical resistance? Explain. 


What are the resistances of the resistors given in the figures A and B? What is 
the tolerance of each? Explain what is meant by the tolerance? 


Brown Silver 


Orange 





Fig... 13.3 . 
Why does the resistance of a conductor rise with temperature? 


What are the difficulties in testing whether the filament of a lighted bulb obeys Ohm's 
law? 
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13.6 


13.7 
13.8 


13.9 


13.1 


13.2 


13.3 


Is the filament resistance lower or higher in a 500 W, 220 V light bulb than in a 100 W, 
220 V bulb? 


Describe a circuit which will give a continuously var ing potential. 


Explain why the terminal potential difference of a battery decreases when the 
current drawn from itis increased? 


What is Wheatstone bridge? How can it be used to determine an unknown 
resistance? 


PROBLEMS 





How many electrons pass through an electric bulb in one minute if the 300 mA 
current is passing through it? (Ans: 1.12x 10") 


Acharge of 90 C passes through a wire in 1 hour and 15 minutes. Whatis the current 
in the wire? (Ans: 20 mA) 


Find the equivalent resistance of the circuit (Fig.P.13.3), total current drawn from the 
source and the current through each resistor. 


A,=6 0) 


R=3n 







R,=69 


6V 


Fig. P. 13.3 (Ans: 6.00, 1.0A,0.5A, 0.5A, 1.0 A) 


A rectangular bar of iron is 2.0 cm by 2.0 cm in cross section and 40 cm long. 
Calculate its resistance if the resistivity ofironis 11 x 10° Qm. (Ans: 1.1x10°Q) 


The resistance of an iron wire at 0°C is 1 x 10° Q. What is the resistance at 500 °C if 
the temperature coefficient of resistance ofironis5.2x10°K'? (Ans:3.6x 10°Q) 


Calculate terminal potential difference of each of cells in circuit of Fig. P.13.6. 





(Ans: 23.8 V, 7.8 V) 


Fig.P. 13.6 
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{3.7 — Find the current which flows in all the resistances of the circuit of Fig. P.13.7. 





ee (Ans: 1.25A, 0.5A) 


13.8 Find the current and power dissipated in each resistance of the circuit, shown in 
Fig. P.13.8. 





Fig.P. 13.8 


(Ans: 0.8 A, 1.4A, 2.2A, 0.64 W, 1.96 W, 3.92 W, & 9.68 W) 
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Learning Objectives 
Atthe end of this chapter the students will be able to: 
1. 


2 
3. 
= 


O ON Oa 


11. 


12. 
13. 
14. 
15, 
16, 
17. 
18. 


Appreciate that a force might act on a current carrying conductor placed in a 
magnetic field. 


Define magnetic flux density and the tesla. 
Derive and use the equation F= B/L sin8 with directions. 


Understand how the force on a current carrying conductor can be used to measure 
the magnetic flux density of a magnetic field using a current balance. 


Describe and sketch flux patterns due to along straight wire. 

Define magnetic flux and the weber. 

Derive and use the relation >= B.A. f 
Understand and describe Ampere's law. 

Appreciate the use of Ampere's law to find magnetic flux density inside a solenoid. 


Appreciate that there acts a force on a charged particle when it moves in a uniform 
magnetic field and in electric field. 


Pirie the deflection of beams of charged particles moving in a uniform magnetic 


Understand and describe method to measure e/m. 

Know the basic principle of cathode ray oscilloscope and appreciate its use. 
Derive the expression of torque due to couple acting on a coil. 

Know the principle, construction and working of a galvanometer. 

Know how a galvanometer is converted into a voltmeter and an ammeter. 
Describe and appreciate the use of AVO meter/multimeter. 

Read through analogue scale and digital display on electrical meters. 


Bw. current generates magnetic field. At the same time, a changing magnetic field 
produces electric current. This interplay of electricity and magnetism is widely used in a 
number of electrical devices and appliances in moder age technology. 
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Take a straight, thick copper wire and pass it vertically 
through a hole in a horizontal piece of cardboard. Place 
small compass needles on the cardboard along a circle with 
the centre at the wire. All the compass needles will point in 
the direction of N-S. Now pass a heavy current through the 
wire. It will be seen that the needles will rotate and will set 
themselves tangential to the circle (Fig. 14.1 a). On reversing 
the direction of current, the direction of needles is also 
reversed. As the current through the wire is stopped, all the 
needles again point along the N -S direction. 


Following conclusions can be drawn from the above 
mentioned experiment: 


(i) A magnetic field is set up in the region 
surrounding a current carrying wire. 

(ii) The lines of force are circular and their 
direction depends upon the direction of 
current. 

(iii) | The magnetic field lasts only as long as the 
current is flowing through the wire. 


The direction of the lines of force can be found by a rule 
concluded directly from the above experiment which is stated 
as follows: 






: ATTnie AsaP 
hee TOT Le Tied 


This is known as right hand rule and is illustrated in 
Fig. 14.1 (b). 


We have seen that a current carrying conductor sets up its 
own magnetic field. If such a conductor is placed in an 
external magnetic field, the magnetic field of the conductor 
will interact with the external magnetic field, as a result of 
which the conductor may experience a force. To demonstrate 


57 








Fig. 14.1 (a) 





Fig. 14.1 (b) 


Do You Know? 


if the middle finger of the right hand 
points in the direction of the magnetic 
field, the thumb in the direction of 
current, the force on the conductor 
will be normal to the palm towards the 
reader, 





Fig. 14.3 


Do You Know? 





Wire 1 


Wire 2 












(=) Two long parallel wires carrying 
currents /, and /, in opposite direction 
repel each other. |b) The wires attract 


this effect, consider a rod of copper, capable of moving on a 
pair of copper rails. The whole arrangement is placed in 
between the pole pieces of a horseshoe magnet so that the 
copper rod is subjected to a magnetic field directed vertically 
upwards (Fic. 14.2). 


conducton 
rails 





Fig. 14.2 i 

When a current is passed through the copper rod from a 
battery, the rod moves on the rails. The relative directions of 
the current, magnetic field and the motion of the conductor 
are shown in Fig. 14.3. It can be seen that the force on a 
conductor is always at right angles to the plane which 
contains the rod and the direction of the magnetic field. The 
magnitude of the farce depends upon the following factors: 


(i) The force Fis directly proportional to sina. where a is 
the angle between the conductor and the field. From 
this. it follows that the force is zero if the rod is placed 
parallel to the field and is maximum when the 
conductor is placed at right angles to the field. 

Fe sing 

(ii) The force F is directly proportional to the current / 
flowing through the conductor. The more the current, 
greater is the force. 

Fal 

(iii) The force Fis directly proportional to the length L of 

the conductor inside the magnetic field. 
Fal 

(iv) The force Fis directly proportional to the strength of 
the applied magnetic field. The stronger the field, the 
greater is the force. If we represent the strength of the 
field by B, then 

FeB 

Combining all these factors, 

Fa ILBsina 
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or F=k/LBsina 


where k is constant of proportionality. If we follow SI units, the 
value of kis 1. Thusin SI units 

F=/LBsina peer hse awe 
Eq.14.1 provides a definition for the strength of magnetic 
field. If7=1A, L=1manda=90", then F=B. Thus B, the 
strength of magnetic field which is also known as magnetic 
induction is defined as the force acting on one metre length of 
the conductor placed at right angle to the magnetic field when 
1 A current is passing through it. In SI units the unit of Bis 
tesla. Amagnetic field is said to have a strength of one tesla if 
it exerts a force of one newton on one metre length of the 
conductor placed at right angles to the field when a current of 
one ampere passes through the conductor. Thus 


1T=1NA'm 


Itcan be seen that the force on a current carrying conductor is 
given both in magnitude and direction by the following 
equation: 
= F=/LxB aereeeeae (14.2) 

where the vector L is in the direction of current flow. The 
magnitude of the vector/Lx Bis/L sina, where a is the 
angle between the vector L and B. This gives the magnitude 
of the force. The direction of the force F (Fig. 14.3) is also 
correctly given by the right hand rule of the cross product of 
vectors of L and Bi.e., rotate L to coincide with B through the 
smaller angle. Curl the fingers of right hand in the direction of 
rotation. The thumb points in the direction of force. In some 
situations the direction of the force is conveniently 
determined by applying the following rule: 


Consider a straight current carrying conductor held at right 
angle to a magnetic field such that the current flows out of the 
plane of paper i.e., towards the reader as shown in 
Fig. 14.4. It is customary to represent a current flowing 
towards the reader by a symbol dot (#) and a current flowing 
away from him by across (x). 


In order to find the direction of force, consider the lines of 
force (Fig. 14.4). The two fields tend to reinforce each other 
on left hand side of the conductor and cancel each other on 
the right side of it. The conductor tends to move towards the 
weaker part of the field i.e., the force on the conductor will be 
directed towards right in a direction at right angles to both the 
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For Your Information 





Convention to represent direction 





Fig. 144 The magnetic force on the 
Curent carrying conductor placed at 
rightangla toa magnadc -teld, 


conductor and the magnetic field. This rule is often referred as 
extension of right hand rule. It can be seen that the direction of 
the force is the same as given by the direction of the vector L x B. 






Like electric flux, the magnetic flux ©, through a plane 
element of area Ain a uniform magnetic field Bis given by dot 
product of B and A (Fig. 14.5). 

©,=B.A 


7 ary ’ ; . 
». >. aed B 
me = ert 


it AS SS eee aeee, GPE FSi Laas 
”t ,= BA‘ f 5 re eeneweee - (14.3) 


a et => ale a, 
gel soe eee eee ay 








Note that A is a vector whose magnitude is the area of the 
element and whose direction is along the normal to the 
surface of the element, 0 is the angle between the directions 
of the vectors Band A. 


In Fig. 14.5 (b) the field is directed along the normal to the 
area, so @ is zero and the flux is maximum, equal to BA. 
When the field is parallel to the plane of the area (Fig.14.5c), 
the angle between the field and normal to area is 90° i.e., 
§ = 90", so the flux through the area in this position is zero. 





In case of a curved surface placed in anon uniform magnetic 
field, the curved surface is divided into a number of small 
surface elements, each element being assumed plane and 
the flux through the whole curved surface is calculated by 
sum of the contributions from all the elements of the surface. 
From the definition of tesla, the unit of magnetic flux is NMA" 
Fig. 14.5 which is called weber (Wb). 
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According to Eq.14.3, the magnetic induction B is the flux per 
unit area of a surface perpendicular to B, hence it is also 
called as flux density. Its unit is then, Wbm*. Therefore, 
magnetic induction, i.e., the magnetic field strength is 
measured in terms of Wbm* or NA“m' (tesla). 





We know that an electric current produces a magnetic field. 
Ampere, after carrying out a series of experiments, 
generalized his results into a law known as Ampere circuital 
law by which the magnetic flux density B at any point due toa 
current carrying conductor can. be easily computed as 
explained below: 


Consider a closed path in the form a circle of radius r 
enclosing the current carrying wire (Fig.14.6). This closed 
path is referred as Amperean path. Divide this path into small 
elements of length like AL. Let B be the value of flux density at 
the site of AL. Determine the value of B.AL. If @ is the angle 
between B and AL, then 
B.AL= BAL cos@ 

B cos@ represents the component of B along the element of 
length AL i.e., Component of B parallélto AL. Thus B.AL 
represents the product of the length of the element AL and 
the component of B parallel to AL. Ampere stated that the 
sum of the quantities B.AL for all path elements into which the 
complete loop has been divided equals u, times the total 
current enclosed by the loop, where u, is a constant, known 
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For Your Information 








as permeability of free space. In SI units its value is 
4n x 10° WbA'm’. This can be mathematically expressed as 


(B.AL), + (B.AL), +....+(B.AL),+....+(B.AL), = ,/ 


NOS 
Dr" A : ap be tise: 


where (B.AL ), is the value of B.AL along the r th element and 
N is the total number of elements into which the loop has 
been divided. This is known as Ampere's circuital law. 






Field Due toa Current Carrying Solenoid 


A solenoid is a long, tightly wound, cylindrical coil of wire. 
When current passes through such a coil, it behaves like a 
bar magnet. The magnetic field produced by it is shown in 
Fig. 14.7(a). The field inside a long solenoid is uniform and 
much strong whereas out side the solenoid, it is so weak that 
itcan be neglected as compared to the field inside. 


The value of magnetic filed B can be easily determined by 
applying Ampere’'s circuital law. Consider a rectangular loop 
abed as shown in Fig. 14.7 (b). Divide it into four elements of 
length ab=/,,bc=/,,cd=/, and da=¢,. 

d 4 c 





®@OeS FeSO GHG O08 





Fig. 14.7 


Applying Ampere's law, we have 
F | 


> (B.AL), = ux current enclosed 


fal 


(B.AL),+(B.AL),+(B.AL),+(B.AL),=p,x current enclosed 
Now we will calculate the value of B.AL for each of the 
elements. First we will consider the element ab = /, that lies 


inside the solenoid. Field inside the solenoid is uniform and is 
parallelto (Fig. 14.7b), so 
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(B.AL),=¢,Bcos 0° 
=/,B 


For the element cd = /',, that lies outside the solenoid , the 
field Bis zero, so 





Do You Know? 
(B. AL),=0 | 


Again B is perpendicular to (, and /, inside the solenoid and is Phantom bar magnet 
zero outside, so 


(B. AL), =(B. AL), =0 

















; 
y (B.AL)=8¢, =, xcurrentenclosed 
Feil 
To find the current enclosed, consider the rectangular 
surface bounded by the loop abcda. 


If is the number of turns per unit length of the solenoid, the 
rectangular surface will intercept n/, turns, each carrying a 
current /. So the current enclosed by the loop is n/, /. Thus 
Ampere's law gives 


Bé,=u,xnet 
ii a lari B=y,nl_ Comes (14,5) 


BP: 


The field Bis sesaeit the axis of the ateen and its direction is 
given by right hand grip rule which states "hold the solenoid in 
the right hand with fingers curling in the direction of the 
current, the thumb will point in the direction of the field". 
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Fig. 14.8 








We have seen that a current carrying conductor, when placed 
in a magnetic field, experiences a force. The current through 
the conductor is because of the motion of charges. Actually 
the magnetic field exerts force on these moving charges due 
to which the conductor experiences force. We are interested 
in calculating the force exerted on the moving charges. 


Consider the situation as shown in Fig. 14.6 where we see a 
portion of the wire that is carrying a current /. Suppose there 
are n charge carriers per unit volume of the wire, and that 
each is moving with velocity v as shown. We will now find how 
long it takes for all the charge carriers originally in the wire 
segment shown to exit through the end area A. 

The volume of the wire segment is AL. Because there aren 
charge carriers per unit volume, the number of charge carrier 
in the segmentis n AL. Ifthe charge on a charge carrier is q, 
each of it, as it crosses the end area, will transport a charge g 
through it. Assuming the speed of the carriers to be v, the 
carrier entering the left face of the segment takes a time 
At = Liv to reach the right hand face. During this time, all the 
charge carriers originally in the segment, namely n AL, will 
exit through the right hand face. As each charge carrier has a 
charge q, the charge AQ that exits through the end area in 
time At=L/vis 

AQ=nALq 


Then, from the definition of the current, the current / through 
the conductor is 


_AQ _ nAlq 
At Liv 
=i | oy. * 8 =4 _ =nAqv a eenee (14.6) 


By Eq.14.2, the force on the segment L of a conductor, 
carrying current /is given by 

F.=/LxB 
Substituting the value of the current /, 


ee Pee He 


ERB Dawe IAT) 








In Fig.14.8, it can be seen that the direction of the segment L 
is the same as the direction of the velocity of the charge 
carriers. If L is a unit vector along the direction of the segment 
Land v, aunit vector along the velocity vector v, then L = 9 


vL=vLL 
evvlL=vL 
Substituting the value of vL in Eq.14.7, we have 
F,=nAq(vL)xB 
= nALqvxB 
n AL is the total number of charge carries in the segment L, so 
the force experienced by a single charge carrieris 


=—+_ = 
nAL 


Thus the force experienced by a single charge carrier moving 
with velocity vin magnetic field of strength Bis 





Teeth = | <F = G58) Soa (14.8) 
Although the Eq.14.8 has been derived with reference to 


charge carrier moving in a conductor but it does not involve 
any parameter of the conductor, so the Eq.14.8 is quite 
general and it holds for any charge carrier moving in a 
magnetic field. 


lf an electron is projected in a magnetic field with a velocity v, 
it will experience a force which is given by putting q = - ein 
Eq.14.8 where eis the magnitude of the electronic charge. 


Dates ae SSR ae ee 
ae - ‘= UF Erllad Vx it Ss rine ' 


ra 

APS 
a TL leg sy rab See” 2 i HA 
— srl. 


In case of proton, Fis obtained by putting q= +e. 










ee es, 

= - Be+ayy et ek ay te 
Pes gee +evxB ee 
i a —S pee 


oe ra fe 
Note that in case of proton or a positive charge the direction 
of the force is given by the direction of the vector v x B i.e., 
rotate v to coincide with B through the smaller angle of 
rotation and curl the fingers of right hand in the direction of 
rotation. Thumb will point in the direction of the force. This is 
illustrated in Fig.14.9 in which the proton enters into a 
magnetic field, as shown in figure, along the direction of 
dotted line. It experiences a force in the upward direction as 
given by the vector vx B. As aresult of this force the protonis 
deflected upwards as shown in Fig. 14.9. The direction of the 
force on a moving negative charge will be opposite to that of 
positive charge. Due to this force, the electron is deflected in 
the downward direction as it enters into a magnetic field. It 





~_ 
—— 
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Fig. 14.10 





the electric force F that acts on a 

charge is parallel to the 
rlectric field E and causes the 
carticle's trajectory to bend in a 
oriental plane. 


may be noted that the magnitude of the force on a moving 
charge carrier is qvBsin6 where 6 is the angle between the 
velocity of the carrier and the magnetic field. Itis maximum 
when 6 = 90° j.e., when the charged particle is projected at 
right angles to the field. It is zero when 8 = 0° i.e., a charged 
particle projected in the direction of the field experiences no 
force. 





When an electric charge q is placed in an electric field E, It 
experiences a force F parallel to electric field (Fig. 14.10). Itis 
given by 

F=qE 


If the charge is free to move, then it will accelerate 
according to Newton's second law as 


aes Sp: | emer € ee 
mm om 


if electric field is uniform, then acceleration is also uniform 
and hence, the position of the particle at any instant of time 
can be found by using equations of uniformly accelerated 
motion. 
When a charge particle q is moving with velocity vin a region 
where there is an electric field E and magnetic field B, the 
total force F is the vector sum of the electric force 
qE and magnetic force q (v x B) thatis, 
F=F,+F, 

F=qE+q(vxB) Tat ORE (14.12) 

This force F is known as the Lorentz force. It is to be pointed 


out that only the electric force does work, while no work is 
done by the magnetic force which is simply a deflecting force. 





Let a narrow beam of electrons moving with a constant speed 
v be projected at right angles to a known uniform magnetic 
field B directed into plane of paper. We have seen that 
electrons will experience a force 


F=-evxB 
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The direction of the force will be perpendicular to both v and 
B. As the electron is experiencing a force that acts at right 
angle to its velocity, so it will change the direction of the 
velocity. The magnitude of velocity will remain unchanged. 
The magnitude of the force is evBsin8. As @ is 90°, so 
F = evB. As both v and B do not change, the magnitude of Fis 
constant. Thus the electrons are subjected to a constant 
force evB at right angle to their direction of motion. Under the 
action of this force, the electrons will move along a circle as 
shown in Fig. 14.11. 


The magnetic force F = Bev provides the necessary 
centripetal force mv’-to the electron of mass m to move along 
r 
a circular trajectory of radius /. Thus we have 
my 


Bev = —— 
r 
e ov 
- eS ee en ey 14. 
BE oa (14.13) 


If v and rare known, e/m of the electron is determined. The 
radius r is measured by making the electronic trajectory 
visible. This is done by filling a glass tube with a gas such as 
hydrogen at low pressure. This tube is placed in a region 
occupied by a uniform magnetic field of known value. As 
electrons are shot into this tube, they begin to move along a 
circle under the action of magnetic force. As the electrons 
move, they collide with atoms of the gas. This excites the 
atoms due to which they emit light and their path becomes 
visible as a circular ring of light (Fig. 14.12). The diameter of 
the ring can be easily measured. 

In order to measure the velocity v of the electrons, we should 
know the potential difference through which the electrons are 
accelerated before entering into the magnetic field. If Vis 
this potential difference, the energy gained by electrons 
during their acceleration is Ve. This appears as the kinetic 
energy of electrons 


_ mv =Ve 


- 2 Ve 
or Mfg [penn 
m 


Substituting the value of vin Eq. 14.13, we have 


or vse (GALI) 
iT] F 
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Fig 14.11 An electron is moving 
perpendicular to a constant magneiic 
field. The magnetic force F causes 
the particle to move ona circular path, 





Fig. 14.12 





Example 14.4: Find the radius of an orbit of an electron 
moving at a rate of 2.0 x 10’ ms” ina uniform magnetic field of 
1.20x 10°T. 


Solution: 

Speed of the electron =v =2.0x10' ms” 
Magneticfieldstrength =8 =1.20x10°T 
Mass of the electron =m=9.11x 10" kg 
Charge on electron =e =1.61x10"C 
The radius of the orbitis 

let 

eB 


_ 9.11107! kgx 2.0«10'ms™ 
1.61x 107 Cx1,20x 107 T 


r=9.43x10°m 


Example 14.5: Alpha particles ranging in speed from 
4000 ms" to 2000 ms" enter into a velocity selector where the 
electric intensity is 300 Vm" and the magnetic induction 
0.20 T. Which particle will move undeviated through the field? 


Solution: 

E=300Vm'=300NC" B=0.20T 
Only those particles will be able to pass through the plate for 
which the electric force eE acting on the particles balances 
the magnetic force Bev on the particle as shown in the figure. 


Therefore eF = Bev 
Thus, the selected speed is 
= 
zee ool NGS we — =1500 ms” 
B 0.20NA™m 


The alpha particles having a speed of 1500 ms’ will move 
undeviated through the field. 





Cathode ray oscilloscope (CRO) is a very versatile e 
instrument which is, in fact, a high speed graph plotting 
device. It works by deflecting beam of electrons as they pass 
through uniform electric field between the two sets of parallel 
plates as shown in the Fig. 14.13(a). The deflected beam then 
falls on a fluorescent screen where it makes a visible spot. 
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F= Filament A, AA, = Anodes 

C= Cathode A % = Horizontal deflection plates 
G= Grid Y Y= Vertical deflection plates 
S= Fluorescent screen 





It can display graphs of functions which rapidly vary with time. 
It is called cathode ray oscilloscope because it traces the 
desired waveform with a beam of electrons which are also 
called cathode rays. 


The beam of the electrons is provided by an electron gun 
which consists of an indirectly heated cathode, a grid and 
three anodes. The filament F heats the cathode C which 
emits electrons. The anodes A,, A,, A, which are at high 
positive potential with respect to cathode, accelerate as well 
as focus the electronic beam to fixed spot on the screen S. 
The grid G is ata negative potential with respect to cathode. It 
controls the number of electrons which are accelerated by 
anodes, and thus it controls the brightness of the spot formed 
on the screen, 

Now we would explain how the waveform of various voltages 
is formedin CRO. 


The two set of deflecting plates, shown in Fig. 14.13(a) are 
usually referred as x and y deflection plates because a 
voltage applied between the x plates deflects the beam 
horizontally on the screen i.e., parallel to x-axis. A voltage 
applied across the y plates deflects the beam vertically on the 
screen i.e., along the y-axis. The voltage that is applied 
across the x plates is usually provided by a circuit that is built 
in the CRO. Itis known as sweep or time base generator. Its 
output waveform is a saw tooth voltage of period T 
(Fig. 14.13-b). The voltage increases linearly with time for a 
period 7 and then drops to zero. As this voltage is impressed 
across the x plates, the spot is deflected linearly with time 
along the x-axis for a time T. Then the spot returns to its 
starting point on the screen very quickly because a saw taoth 
voltage rapidly falls to its initial value at the end of each 
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Fig. 14.13 {a} 
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Saw tooth voltage waveform 
Fig. 14.13 (b) 





Fig. 74.93 (b), 
hree dimensional view of CRO 
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period. We can actually see the spot moving on the x-axis. If 
the time period Tis very short, we see just a bright line on the 
screen. 


lf a sinusoidal voltage is applied across the y plates when, 
simultaneously, the time base voltage is impressed across 
the x plates, the sinusoidal voltage, which itself gives rise toa 
vertical line, will now spread out and will appear as a 
sinusoidal trace on the screen. The pattern will appear 
stationary only if the time T is equal to or is some multiple of 
the time of one cycle of the voltage on y plates. It is thus 
necessary to synchronize the frequency of the time base 
generator with the frequency of the voltage at the y plates. 
This is possible by adjusting the synchronization controls 
provided on the front panel of the CRO. 






The CRO is used for displaying the waveform of a given 
voltage. Once the waveform is displayed, we can measure 
the voltage, its frequency and phase. For example, 
Fig. 14.14(a) shows the waveform of an alternating voltage. 
As the y-axis is calibrated in volts and the x-axis in ime, we 
can easily find the instantaneous value and peak value of the 
voltage. The time period can also be determined by using the 
time calibration of x-axis. Information about the phase 
difference between two voltages can be obtained by 
simultaneously displaying their waveforms. For example, the 
waveforms of two voltages are shown in Fig. 14.14(b). These 
waveforms show that when the voltage of 1 is increasing, that 
of Il is decreasing and vice versa. Thus the phase difference 
between these voltages is 180°. 


Consider a rectangular coil carrying a current /. The coil is 
capable of rotation about an axis . Suppose it is placed in uniform 
magnetic field B with its plane along the field (Fig. 14.15). We 
know that a current carrying conductor of length L when placed 
in a magnetic field experiences a force F = / L B sin8 where 6 is 
the angle between conductor and the field. In case of sides AB 
and CD of the coil, the angle 8 is zero or 180°, so the force on 
these sides will be zero. In case of sides DA.and BC, the angle 6 
is 90° and the force on these sides will be 
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F,=F,=ILB 

where L is the length of these sides, F, is the force on the side 
DA and F, on BC. The direction of the force is given by the 
vector /Lx B. Itcan be seen that F, is directed out of the plane 
of paper and F, into the plane of paper (Fig. 14.15 a). 
Therefore, the forces F, and F, being equal and opposite 
form a couple which tends to rotate it about the axis. The 
torque of this couple is given by 


t=Force x Momentarm 
=[LBxa 


where a is the moment arm of the couple and is equal to the 
length ofthe sideABorCD. Laisthe area Aof the coil, 


efaAe Soe (14.15) 





Note that the Eq.14.15 gives the value of torque when the 
field B is in the plane of the coil. However if the field makes an 
angle a with the plane of the coil, as shown in Fig 14.15(b), 
the moment arm now becomes acosa. So 





t=/LBxacosa il ane 


Cc a* cOSm 
or t=/BAcosa ..,....... (14.16) 


A galvanometer is an electrical instrument used to 
detect the passage of current. Its working depends upon 
the fact that when a conductor is placed in a magnetic 
field, it experience a force as soon as a current passes 
through it. Due to this force, a torque +t acts upon the 
conductor if itis in the form of a coil or loop. 
t=N/BAcosa 

where N is the number of turns in the coil, A is its area, /is 
current passing through it, B is the magnetic field in which the 
coil is placed such that its plane makes an angle a with the 
direction of B. Due to action of the torque, the coil rotates and 


(Top view of coil) 
Fig 14.15 (b) 
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thus it detects the current. The construction of a moving coll 
galvanometer is shown in Fig. 14.16 (a). 


A rectangular coil C is suspended between the concave 
shaped poles N and S of a U-shaped magnet with the help of 
a fine metallic suspension wire. The rectangular coil is made 
of enameled copper wire. It is wound on a frame of non- 
magnetic material. The suspension wire F is also used as 
one current lead to the coil. The other terminal of the coil is 
connected to a loosely wound spiral E which serves as the 
second current lead. A soft iron cylinder D is placed inside the 
coil to make the field radial and stronger near the coil as 
shown in Fig. 14.16 (b). 

When a currentis passed through the coil, itis acted upon by 
a couple which tends to rotate the coil. This couple is known 
as deflecting couple and is given by N/BAcosa. As the collis 
placed in a radial magnetic field in which the plane of the coil 
is always parallel to the field (Fig. 14.16 b), so a is always 
zero. This makes cosa = 1 and thus, 


Deflecting couple=N/BA 


As the coil turns under the action of deflecting couple, 
the suspension wire Fig. (14.16 a) is twisted which gives 
rise to a torsional couple. It tends to untwist the 
suspension and restore the coil to its original position. 
This couple is known as restoring couple. The restoring 
couple of the suspension wire is proportional to the 
angle of deflection 6 as long as the suspension wire 
obeys Hooke's law. Thus 


Restoring torque=c8 


where the constant c of the suspension wire is known as 
torsional couple and is defined as couple for unit twist. 


Under the effect of these two couples, coil comes to rest 








ilar Deflecting torque = Restoring torque 
"8 (a) Moving coil 2 
Bos Son irons deol ermakes the ne ae : = =n “ a ee Ste = i wal fi Pos Ding te Heats < 
nd strong: rE ir “ = 2 gee = meio T= BAN 7 5 creer (14.17) 
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Thus the current passing through the coil is directly 
proportional to the angle of deflection. 
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There are two methods commonly used for observing the 
angle of deflection of the coil. In sensitive galvanometers the 
angle of deflection is observed by means of small mirror 
attached to the coil along with a lamp and scale arrangement 
(Fig.14.17). Abeam of light from the lamp is directed towards 
the mirror of the galvanometer. After reflection from the mirror 
it produces a spot on a translucent scale placed at adistance 
of one metre from the galvanometer. When the coil rotates, 
the mirror attached to coil also rotates and spot of light moves 
along the scale, The displacement of the spot of light on the 
scale is proportional to the angle of deflection (provided the 
angle of deflection is small). 


The galvanometer used in school and college laboratories is 
a pivoted type galvanometer. In this type of galvanometer, 
the coil is pivoted between two jewelled bearings. The 
restoring torque is provided by two hair springs which also 
serve as current leads. A light aluminium pointer is attached 
to the coil which moves over a scale (Fig.14.18). It gives the 
angle of deflection of the coil. 


It is obvious from Eq.14.17 that a galvanometer can be made 
more sensitive (to give large deflection for a given current) if 
c/BAN is made small. Thus, to increase sensitivity of a 
galvanometer, c may be decreased or B, A and N may be 
increased. The couple c for unit twist of the suspension wire 
can be decreased by increasing its length and by decreasing 
its diameter. This process, however, cannot be taken too far. 
as the suspension must be strong enough to support the coil. 
Another method to increase the sensitivity of galvanometer is 
to increase N, the number of turns of the coil. In case of 
suspended coil type galvanometer, the number of turns can 
not be increased beyond a limit because it will make the coil 
heavy. To compensate for the loss of sensitivity, in case 
fewer turns are used in the coil, we increase the value of the 
magnetic field employed. We define current sensitivity of a 
galvanometer as the current, in microamperes, required to 
produce one millimetre deflection on a scale placed one 
metre away from the mirror of the galvanometer. 


When the current passing through the galvanometer is 
discontinued, the coil will not come to rest as soon as the 
current flowing through the coil is stopped. It keeps on 
oscillating about its mean position before coming to rest. In 
the same way if the current is established suddenly in a 
galvanometer, the coil will shoot beyond its final equilibrium 
position and will oscillate several times before coming to rest 
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Fig. 14.17 


Upper spring 










Permanent 
magnet 


Lower spring 


Fig, 14.16 





Fig. 14.19 An ammeter is a 
galvanometer which is shunted by a 
proper low resistance. 


at its equilibrium position. As it is annoying and time 
consuming to wait for the coil to come to rest, artificial ways 
are employed to make the coil come to rest quickly. Such 
galvanometer in which the coil comes to rest quickly after the 
current passed through it or the current is stopped from 
flowing through it, is called stable or a dead beat 
galvanometer. 





An ammeter is an electrical instrument which is used to 
measure current in amperes. This is basically a 
galvanometer. The portion of the galvanometer whose 
motion causes the needle of the device to move across the 
scale is usually known as meter - movement. Most meter 
movements are very sensitive and full scale deflection is 
obtained with a current of few milliamperes only, So an 
ordinary galvanometer cannot be used for measuring large 
currents without proper modification. 


Suppose we have a galvanometer whose meter - movement 
(coil) has a resistance R,and which gives full scale deflection 
when current /, is passed through it. From Ohm's law we 
know that the potential difference V, which causes a current /, 
to pass through the galvanometer is given by 


V,=1,R, 


lf we want to convert this galvanometer into an ammeter 
which can measure a maximum current J, itis necessary to 
connect a low value bypass resistor called shunt. The shunt 
resistance is of such a value so that the current /, for full scale 
deflection of the galvanometer passes through the 
galvanometer and the remaining current (/ - J/,) passes 
through the shuntin this situation (Fig. 14.13), 


The shunt resistance R, can be calculated from the fact that 
as the meter - movement and the shunt are connected in 
parallel with each other, the potential difference across the 
meter - movement is equal to the potential difference across 
the shunt. 


I, R,=(I-1,)R, 





ei Re es 4.18 
or R 77 R, | (14.18) 


The resistance of the shuntis usually so small that a piece of 
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copper wire serves the purpose. The resistance of the 
ammeter is the combined resistance of the galvanometer’s 
meter - movement and the shunt. Usually it is very small. An 
ammeter must have a very low resistance so that it does not 
disturb the circuit in which it is connected in series in order to 
measure the current. 


A voltmeter is an electrical device which measures the 
potential difference in volts between two points. This, too, is 
made by modifying a galvanometer. Since a voltmeter is 
always connected in parallel, it must have a very high 
resistance so that it will not short the circuit across which the 
voltage is to be measured. This is achieved by connecting a 
very high resistance R, placed in series with the meter - 
movement (Fig.14.20). Suppose we have a meter - 
movement whose resistance is R, and which deflects full 
scale with a current /,. In order to make a voltmeter from it 
which has a range of V volts, the value of the high resistance 
A, shouid be such that full scale deflection will be obtained 
when it is connected across V volt. Under this condition the 
current through the meter - movement is /,. Applying Ohm's 
law (Fig. 14.20) we have 
V=i(R,+R,) 





: V 
SUES pe disisseec (1448) 
lf the scale of the galvanometer is calibrated from 0 to 
V volts, the combination of galvanometer and the series 
resistor acts as a voltmeter with range 0 - V volts. By properly 
arranging the resistance R,, any voltage can be measured. 
Thus, we see that a voltmeter possesses high resistance. 


It may be noted that a voltmeter is always connected across 
the two points between which potential difference is to be 
measured. Before connecting a voltmeter, it should be 
assured that its resistance is very high in comparison with the 
resistance of the circuit across which it is connected 
otherwise it will load the circuit and will alter the potential 
difference which is required to be measured. 
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It is a useful device for rapid measurement of resistance. It 
consists of a galvanometer, and adjustable resistance r, an d 
a cell connected in series (Fig.14.21-a). The series 
resistance r, is so adjusted that when terminals c and d are 
short circuited, i.e., when R = 0, the galvanometer gives full 
scale deflection. So the extreme graduation of the usua 
scale of the galvanometer is marked 0 for resistance 
measurement. When terminals c and d are not joined, ne 
current passes through the galvanometer and its deflection is 
zero. Thus zero of the scale is marked as infinity 
(Fig. 14.21-b). Now a known resistance FR is connect 

across the terminals c and d. The galvanometer deflects to 
some intermediate point. This point is calibrated as R. In this 
way the whole scale is calibrated into resistance. The 
resistance to be measured is connected across the terminals 
c and d. The deflection on the calibrated scale reads the 


value of the resistance directly. 








=F 
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lt is an instrument which can measure current ir 
amperes, potential difference in volts and resistance ir 
ohms. It basically consists of a sensitive moving coi 
galvanometer which is converted into a multirange ammeter 
voltmeter or ohmmeter accordingly as a current measurinc 
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circuit or a voltage measuring circuit or a resistance measuring 
circuit is connected with the galvanometer with the help of a 
switch known as function switch (Fig.14.22). Here X, Y are the 
main terminals of the AVO meter which are connected with the 
circuit in which measurement is required. FS is the function 
selector switch which connects the galvanometer with relevant 
measuring circuit. 






Voltage Measuring Part of AVO Meter 


The voltage measuring part of the AVO meter is actually a 
multirange voltmeter. It consists of a number of resistances 
zach of which can be connected in series with the moving coil 
jalvanometer with the help of a switch called the range 
switch (Fig. 14.23). The value of each resistance depends 
dpon the range of the voltmeter which it controls. 


Alternating voltages are also measured by AVO meter. 
4C voltage is first converted into DC voltage by using diode 
as rectifier and then measured as usual. 





urrent Measuring Part of AVO Meter 


The current measuring part of the AVO meter is actually a 
nultirange ammeter. It consists of a number of low 
‘esistances connected in parallel with the galvanometer. The 
/alues of these resistances depend upon the range of the 
ammeter (Fig. 14.24). 





The circuit also has a range selection switch RS which is 
ised to select a particular range of the current. 





‘esistance Measuring Part of AVO Meter | 


[he resistance measuring part of AVO meter is, in fact, a 
nultirange ohmmeter. Circuit for each range of this meter 
sonsists of a battery of emf V, and a variable resistance r, 
sonnected in series with galvanometer of resistance R.. 
Nhen the function switch is switched to position X, 
Fig. 14.22), this circuit is connected with the terminals X, Y of 
he AVO meter (Fig.14.25 a). 


3efore measuring an unknown resistance by an ohmmeter it 


8 first zeroed which means that we short circuit the terminals — 


«, Yand adjust r,, to produce full scale deflection. 
igital Multimeter (DMM) 





\nother useful device to measure resistance, current and 
‘oltage is an electronic instrument called digital multimeter. 


fii 








Fig.14.25 


It is a digital version of an AVO meter. It has become a very 
popular testing device because the digital values are 
displayed automatically with decimal point, polarity and the 
unit for V, A or QO. These meters are generally easier to use 
because they eliminate the human error that often occurs in 
reading the dial of an ordinary AVO meter. A portable DMM is 
shown in Fig. 14.26. 


SUMMARY 
A magnetic field is set up in the region surrounding a current carrying conductor. 


The right hand rule states, "If the wire is grasped in the fist of right hand with the 
thumb pointing in the direction of current, the fingers of the hand will circle the wire in | 
the direction of the magnetic field”. 


The strength of the magnetic field or magnetic induction is the force acting on one 
metre length of the conductor placed at right angle to the magnetic field when 1A 
current is passing through it. . 
A magnetic field is said to have a strength of one tesla if it exerts a force of one — 
newton on one metre length of the conductor placed at right angle to the field whena 
current of one ampere passes through the conductor. 

The magnetic flux ®, through plane element of area A in a uniform magnetic field B 
is given by dot product of Band A. 

Ampere circuital law states the sum of the quantities B. AL for all path elements into 
which the complete loop has been divided equals p, times the total current enclosed 
by the loop. 

The force experienced by a single charge carrier moving with velocity v in magnetic 
field of strength Bis F=q(v*B). | 

Cathode ray oscilloscope (CRO) is a high speed graph plotting device. It works by 
deflecting beam of electrons as they pass through uniform electric field between the 
two sets of parallel plates. 


Atorque may act ona current carrying coil placed in a magnetic field. 





Fig.14.26 


t=/ABcosa 


A galvanometer is an electric device which detects the flow of current. It usually 
consists of a coil placed in a magnetic field. As the current passes through the coil, 
the coil rotates, thus indicating the flow of current. 


A galvanometer is converted into an ammeter by properly shunting it. 


A galvanometer is converted into a voltmeter by connecting a high resistance in — 
series. 
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QUESTIONS 


A plane conducting loop is located in a uniform magnetic field that is directed along 
the x-axis. For what orientation of the loop is the flux a maximum? For what 
orientation is the flux a minimum? 

A current in a conductor produces a magnetic field, which can be calculated using 
Ampere's law. Since current is defined as the rate of flow of charge, what can you conclude 
about the magnetic field due to stationary charges? What about moving charges? 
Describe the change in the magnetic field inside a solenoid carryi ng a steady current 
/, if (a) the length of the solenoid is doubled but the number of turns remains the 
Same and (b) the number of turns is doubled, but the length remains the same. 

Ata given instant, a proton moves in the positive x direction in a region where there is 
magnetic field in the negative z direction. What is the direction of the magnetic 
force? Will the proton continue to move inthe positive x direction? Explain. 

Two charged particles are projected into a region where there is a magnetic field 
perpendicular to their velocities. If the charges are deflected in opposite directions, 
what can you say about them? 

Suppose that a charge gis moving in a uniform magnetic field with a velocity v. Why 
is there no work done by the magnetic force that acts on the charge g? 

lf a charged particle moves in a straight line through some region of space, can you 
say that the magnetic field in the region is zero? 

Why does the picture on a TV screen become distorted when a magnet is brought 
near the screen? 

Is it possible to orient a current loop in a uniform magnetic field such that the loop will 
not tend to rotate’? Explain. 

How can a current loop be used to determine the presence of a magnetic field in a 
given region of space? 

How can you use a magnetic field to separate isotopes of chemical element? 

What should be the orientation of a current carrying coil in a magnetic field so that 
torque acting upon the coil is (a) maximum (b) minimum? 


A loop of wire is suspended between the poles of a magnet with its plane parallel to 
the pole faces. What happens if a direct current is put through the coil? What 
happens if an alternating currentis used instead? 


Why the resistance of an ammeter should be very low? 
Why the voltmeter should have a very high resistance? 
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Find the value of the magnetic field that will cause a maximum force of 
7.0 x 10° Nona 20.0 cm straight wire carrying a current of 10.0A. 

(Ans: 3.5 x 10° T) 
How fast must a proton move in a magnetic field of 2.50 x 10° T such that the 
magnetic force is equal to its weight? (Ans: 4.09 x 10° ms”) 


A velocity selector has a magnetic field of 0.30 T. If a perpendicular electric field 
of 10,000 Vm" is applied, what will be the speed of the particle that will pass 
through the selector? (Ans: 3.3x 10° ms") 


A coil of 0.1 m x 0.1 m and of 200 turns carrying a current of 1.0 mA is placed in 
a uniform magnetic field of 0.1 T. Calculate the maximum torque that acts on the 


coil. (Ans: 2.0x 10° Nm) 
A power line 10.0 m high carries a current 200 A. Find the magnetic field of 
the wire at the ground. (Ans: 4.0x10°T) 


You are asked to design a solenoid that will give a magnetic field of 0.10 T, yet 
the current must not exceed 10.0 A. Find the number of turns per unit length 


that the solenoid should have. (Ans: 7.96 x 10°) 
What current should pass through a solenoid that is 0.5 m long with 10,000 
turns of copper wire so that it will have a magnetic field of 0.4 T? (Ans: 16.04) 


A galvanometer having an internal resistance R, = 15.0 0 gives full scale 
deflection with current J, = 20.0 mA. It is to be converted into an ammeter of 
range 10.0. Find the value of shunt resistance FR. (Ans: 0.0300) 


The resistance of a galvanometer is 50.0 © and reads full scale deflection with a 
current of 2.0 mA. Show by a diagram how to convert this galvanometer 
into voltmeter reading 200 V full scale. (Ans: A, =99950 0) 


The resistance of a galvanometer coil is 10.0 0 and reads full scale with a current 
of 1.0 mA. What should be the values of resistances R,, R, and R, to convert this 
galvanometer into a multirange ammeter of 100, 10.0 and 1.0 Aas shown in the 
Fig.P.14.107 (Ans: R, =.0001 0, R,=0.001 0, R,=0.01Q) 
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Fig. P14.10 
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Learning Objectives 

At the end of this chapter the students will be able to: 

a Recall that a changing magnetic flux through a circuit causes an emf to be induced in 
the circuit. 

2. Know that the induced emflasts so long as the magnetic flux keeps changing. 

3. Determine Motional emf. 


= 


Use Faraday's law of electromagnetic induction to determine the magnitude of 
induced emf. 


5 Apply Lenz's law to determine the direction of induced emf, 

6 Recognize self and mutual induction. 

re Define mutual inductance, self-inductance and its unit henry. 

8 Know andusetheformula E=—L/ € 

9 Calculate the energy stored in an inductance. 

10. - Describe the principle, construction and operation of an AC and DC generator. 
ale Describe the principle, construction and operation of DC motor. 

12 Recognize back emf in motors and back motor effect in generators. 
13. Describe the structure and principle of operation of transformer. 
14. Use N, =— and V,/.= VJ, for an ideal transformer. 

15; Apply a Rl equation to solve the problems. 

16. Understand and describe eddy currents and use of laminated core. 


s soon as Oersted discovered that electric currents produce magnetic fields, many 
scientists began to look for the reverse effect, that is, to cause an electric current by means 
of a magnetic field. In 1831 Michael Faraday in England and at the same time Joseph Henry 
in USA observed that an emf is set up in a conductor when it moves across a magnetic field. 
lf the moving conductor was connected to a sensitive galvanometer, it would show an 
electric current flowing through the circuit as long as the conductor is kept moving in the 
magnetic field. The emf produced in the conductor is called induced emf, and the current 
generated is called the induced current. This phenomenon is known as electromagnetic 
induction. 
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of motion 





Fig. 15.1 





There are many ways to produce induced emf. Fig. 15.1 
illustrates one of them. Consider a straight piece of wire of 
length £ placed in the magnetic field of a permanent magnet. 
The wire is connected to a sensitive galvanometer. This 
forms a closed path or loop without any battery. In the 
beginning when the loop is at rest in the magnetic field, no 
current is shown by the galvanometer. If we move the loop 
from left to right, the length £ of the wire is dragged across the 
magnetic field and a current flows through the loop. As we 
stop moving the loop, current also stops. Now, if we move the 
loop in opposite direction, current also reverses its direction. 
This is indicated by the deflection of the galvanometer in 
opposite direction. 


The induced current depends upon the speed with which 
conductor moves and upon the resistance of the loop. If we 
change the resistance of the loop by inserting different 
resistors in the loop, and move it in the magnetic field with the 
same speed every time, we find that the product of induced 
current / and the resistance F of the loop remains constant, i.e., 


fx R=constant 


This constant is the induced emf. The induced emf leads to 
an induced current when the circuitis closed. The current can 
be increased by 


i) using a stronger magnetic field 
li) moving the loop faster 
iii) replacing the loop by a coil of many turns 


lf we perform the above experiment in the other way, ie., 
instead of moving the loop across the magnetic field, we 
keep the loop stationary and move the magnet, then it can be 
easily observed that the results are the same. Thus, it can be 
concluded that it is the relative motion of the loop and the 
magnet that causes the induced emf, 


In fact, this relative motion changes the magnetic flux through 
the loop, therefore, we can say that an induced emf is 
produced in a loop if the magnetic flux through it changes. 
The greater the rate of change of flux, the larger is the 
induced emf. 


There are some other methods described below in which an 
emf is induced in a loop by producing a change of magnetic 


a2 


flux through it. 


1. 


Fig.15.2 (a) shows a bar magnet and a coil of wire to 
which a galvanometer is connected. When there is no 
relative motion between the magnet and the coil, the 
galvanometer indicates no current in the circuit. As 
soon as the bar magnet is moved towards the coil, a 
current appears in it (Fig 15.2 b). As the magnet is 
moved, the magnetic flux through the coil changes, 
and this changing flux produces the induced currentin 
the coil. When the magnet moves away from the coil, 
a current is again induced but now in opposite 
direction. The current would also be induced if the 
magnets were held stationary and the coil is moved. 


There is another method in which the current is 
induced in a coil by changing the area of the coil ina 
constant magnetic field. Fig. 15.3 (a) shows that no 
current is induced in the coil of constant area placed 
in a constant magnetic field. However, when the coil 
is being distorted so as to reduce its area, (Fig.15.3 b) 
an induced emf and hence current appears. The 
current vanishes when the area is no longer 
changing. If the distorted coil is brought to its original 
circular shape thereby increasing the area, an 
oppositely directed current is induced which lasts as 
long as the area is changing. 





Fig. 15.4 


Aninduced current can also be generated when a coil 
of constant area is rotated in a constant magnetic 
field. Here, also, the magnetic flux through the coil 
changes (Fig. 15.4). This is the basic principle used in 
electric generators. ; 


A very interesting method to induce current in a coil 
involves by producing a change of magnetic flux in 
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Fig. 15.5 


Electromagnet 








a nearby coil. Fig. 15.5 shows two coils placed side by 
side. The coil Pis connected in series with a battery, a 
theostat and a switch, while the other coil S is 
connected to a galvanometer only. Since there is no 
battery in the cail S, one might expect that the current 
through it will always be zero. Now, if the switch of the 
coil P is suddenly closed, a momentary current is 
induced in coil S. This is indicated by the 
galvanometer, which suddenly deflects and then 
returns to zero. No induced current exists in coil S as 
long as the current flows steadily in the coil P. An 
oppositely directed current is induced in the coil S at 
the instant the switch of coil P is opened. Actually, the 
current in P grows from zero to its maximum value 
just after the switch is closed. The current comes 
down to zero when the switch is opened. Due to 
change in current, the magnetic flux associated with 
the coil P changes momentarily. This changing flux is 
also linked with the coil S that causes the induced 
current in it. Current in coil P can also be changed 
with the help of rheostat. 


5. It is also possible to link the changing magnetic flux 
with a coil by using an electromagnet instead of a 
permanent magnet. The coil is placed in the magnetic 
field of an electromagnet (Fig. 15.6). Both the coil and 
the electromagnet are stationary. The magnetic flux 
through the coil is changed by changing the current of 
the electromagnet, thus producing the induced 
currentin the coil. 

In the previous section we have studied that when a 
conductor is moved across a magnetic field, an emf is 
induced between its ends. The emf of the moving conductor 
is similar to that of a battery, |.e., if the ends of the conductor 
are joined by a wire to make a closed circuit, a current flows 
through it. 


1a a 
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Consider a conducting rod of length L placed on two parallel 
metal rails separated by a distance L. A galvanometer is 
connected between the ends cand d of the rails. This forms a 
complete conducting loop abeda (Fig. 15.7a). A uniform 
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magnetic field B is applied directed into the page. Initially 
when the rod is stationary, galvanometer indicates no current 
in the loop. If the rod is pulled to the right with constant 
velocity v, the galvanometer indicates a current flowing 


through the loop. Obviously, the current is induced due to the = 
motion of the conducting rod across the magnetic field. The (2) 


moving rod is acting as a source of emfe=V,- V,=AV, 


When the rod moves, a charge q within the rod also moves 
with the same velocity v in the magnetic field B and 
experiences a force given by 
F=qvxB 

The magnitude of the forceis 

F=qvBsing 
Since angle 6 between vand Bis 90°, so 

F=qvB 
Applying the right hand rule, we see that F is directed froma 
to bin the rod. As a result the charge migrates to the top end 
of the conductor. As more and more of the charges migrate, 
concentration of the charge is produced at the top b and 
deficiency of charges at the bottom a, This redistribution of 
charge sets up an electrostatic field E directed fromb toa. 
The electrostatic force on the charge is F =F directed fromb 
to a. The system quickly reaches an equilibrium state in 
which these two forces on the charge are balanced. If E, is 


the electric intensity in this state then ® 
g&,=qvB 
E,=vB iasaesees (15.1) 


The motional emf € will be equal to the potential difference 
AV=V,-V, between the two ends of the moving conductor in 
this equilibrium state. The gradient of potential will be given 
by AVIL. As the electric intensity is given by the negative of 
the gradient therefore, 


= en) 


or AV=-LE.=-(LvB) 
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Fig. 15.7 (a) 





The motional emf 
e= AVE SA ent By 


This is the magnitude of motional emf. However, if the angle 
between v and Bis 6, then 


e=-vBLsin@ eves ~———«(18.4) 


Due to induced emf positive charges would flow along the 
path abcda, therefore the induced current is anticlockwise in 
the diagram. As the current flows the quantity of the charge at 
the top decreases so the electric intensity decreases but the 
magnetic force remains the same. Hence the equilibrium is 
disturbed in favour of magnetic force. Thus as the charges 
reach the end a of the conductor due to current flow, they are 
_ carried to the top end b of the conductor by the unbalanced 
magnetic field and the current continues to flow. 





The motional emf induced in a rod moving perpendicular toa 
magnetic field is ¢ = -vBL. The motional emf as well as 
other induced emfs can be described in terms of magnetic 
flux. Consider the experiment shown in Fig. 15.8 again. Let 
the conducting rod L moves from position 1 to position 2 ina 
small interval of time At. The distance travelled by the rod in 
time Atis X,-x, =Ax 
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See Position 1 Position 2 
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I¢-----~---- Mi=<<e=-—= --> Fig. 15.8 


Since the rod is moving with constant velocity v, therefore 


From Eq.15,3 





As the rod moves through the distance Ax, the increase in the 
area of loop is given by AA = Ax.L. This increases the flux 


through the loop by A® = AA.B = Ax.L.B. Putting Ax.L.B=A® 
in Eq. 15.6, we get 





if there is a coil of N loops instead of a single loop, then the 
induced emf will become N times, i.e., 





Although the above expression is derived on the basis of 
motional emf, but it is true in general. This conclusion was 
first arrived at by Faraday, so this is known as Faraday's law 
of electromagnetic induction which states that 





The minus sign indicates that the direction of the induced emf 
is such that it opposes the change in flux. 











In the previous section, a mathematical expression of the 
Faraday's law of electromagnetic induction was derived as 


e=—-N— 
At 


The minus sign in the expression is very important. It has to 
do with the direction of the induced emf. To determine the 

' direction we use a method based on the discovery made by 
the Russian Physicist Heinrich Lenz in 1834. He found that 
the polarity of an induced emf always leads to an induced 
current that opposes, through the magnetic field of the 
induced current, the change inducing the emf. The rule is 
known as Lenz's law which states that 
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The Lenz's law refers to induced currents and not to induced 
emf, which means that we can apply it directly to closed 
conducting loops or coils. However, if the loop is not closed 
we can imagine as if it were closed, and then from the 
direction of induced current, we can find the direction of the 
induced emf. 


Let us apply the Lenz's law to the coil in which current is 
induced by the movement of a bar magnet. We know that a 
current carrying coil produces a magnetic field similar to that 
of a bar magnet. One face of the coil acts as the north pole 
while the other one as the south pole. If the coil is to oppose 
the motion of the bar magnet, the face of the coil towards the 
magnet must become a north pole (Fig. 15.9). The two north 
poles will then repel each other. The right hand rule applied to 
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Fig. 15.9 


the coil suggests that the induced current must be anti- 
clockwise as seen from the side of the bar magnet. 


According to Lenz's law the "push’ of the magnet is the 
"change" that produces the induced current, and the current 
acts to oppose the push. On the other hand if we pull the 
magnet away from the coil the induced current will oppose 
the "pull" by creating a south pole on the face of coil towards 
the bar magnet. 


The Lenz's law is also a statement of law of conservation of 
energy that can be conveniently applied to the circuits 
involving induced currents. To understand this, consider once 
again the experiment in Fig. 15.8. When the rod moves 
towards right, emfis induced in it and an induced current flows 
through the loop in the anti-clockwise direction. Since the 
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Fig. 15.10 


current carrying rod is moving in the magnetic field, it 
experiences a magnetic force F,, having the magnitude 
F., = /L8sin90°. By right hand rule the direction of F,, is 
opposite to that of v, so it tends to stop the rod (Fig. 15.10 a). 
An external dragging force equal to F,, in magnitude but 
opposite in direction must be applied to keep the rod moving 
with constant velocity. This dragging force provides the 
energy for the induced current to flow. This energy is the 
source of induced current, thus electromagnetic induction Is 
exactly according to law of conservation of energy. 

The Lenz's law forbids the induced current directed 
clockwise in this case, because the force F., would be, then. 
in the direction of v that would accelerate the rod towards 
right (Fig. 15.10 b). This in turn would induce a stronocy 
current, the magnetic field due to it also increases -j1, the 
magnetic force increases further. Thus the motion of the wire 
is accelerated more and more. Starting with a minute quantity 
of energy, we obtain an ever increasing kinetic energy of 
motion apparently from nowhere. Consequently the process 
becomes self-perpetuating which is against the law of 
conservation of energy 


Consider two coils placed close to each other (Fig.15.11). 
One coil connected with a battery through a switch and a 








Primary Secondary 
coil coil 
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Fig. 15.14 


rheostat is called the "primary" and the other one connected 
to the galvanometer is called the "secondary". If the currentin 
the primary is changed by varying the resistance of the 
rheostat, the magnetic flux in the surrounding region 
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changes. Since the secondary coil is in the magnetic field of 
the primary, the changing flux also links with the secondary. 
This causes an induced emfin the secondary. 





According to Faraday's law, the emf induced in the 
secondary coil is proportional to the rate of change of flux 


Gag’ 


rm 
where N, is the number of turns in the ating coil. 








A 
ree passing through it, i.e., 


Let the flux passing through one loap of the secondary coil be 
®,. Net flux passing through the coil of N, loops is N,@,. As this 
flux is proportional to the magnetic field produced by the 
current J, in the primary and the magnetic field itself is 
proportional to /,, therefore 


N,®, oJ, 
Ss NO, = Mi, seeseree. (18.9) 





N oO 
Where M= ' = is proportionality constant called the 
p 


mutual inductance of the two coils. It depends upon the 
number of turns of the coils, their area of cross - section, their 
closeness together and the nature of the core material upon 
which the two coils are wound. 


By Faraday's law the emf induced in the secondary coil is 
given by the rate of change of flux through the secondary. 
AQ. A NO. 
Nap ag 
Putting N,®, = M/, from Eq.15.9 











aie = =e =~ oe if r po 
Sa ee } BY oe =. ie a - (18.10) 


The Eq. 15.10 shows that the emf induced in the mre: is 
proportional to the time rate of change of current in the primary, 
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The negative sign in Eq.15.10 indicates the fact that the 
induced emf is in such a direction that it opposes the change 
of current in the primary coil. While finding out the value of M 
from Eq.15.10, negative sign is ignored. Thus M may be 
defined as the ratio of average emf induced in the secondary 
to the time rate of change of current in the primary. 


& 


= 3 
M=575— 





at 
The S! unit for the mutual inductance M is Vs A’, which is 
called as henry (H) after Joseph Henry. 

One henry is the mutual inductance of the pair of coils in 
which the rate of change of current of one ampere per second 
in the primary causes an induced emf of one volt in the 
secondary. 

Example 15.3: An emf of 5.6 V is induced in a coil while the 
current in a nearby coil is decreased from 100 A to 
20Ain 0.02 s. Whatis the mutual inductance of the two coils? 
If the secondary has 200 turns, find the change in flux during 
this interval. 


Solution: 


emf induced in the secondary =«, = 5.6 V 
Change in current in primary =A/,= 100A-20A=80A 
Time interval forthe change =Aft =0.02s5 





Mutual inductance =M =? 
No. of turns in the secondary =N, = 200 
Change in flux =Ad = 
Al 
Using e=—2 
At 
56V= Mx 80 A 
0.025 
M= 5.6 V x0.02s =14x10' VsA" 
80 A 
By Faraday’s Law ¢,=N, ae 
_& At _ 5.6Vx0.02s _ i 
Ad, Ne 500 5.6 x 10° Wb 
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According to Faraday’s law, the change of flux through a coil 
by any means induces an emfinit. In all the examples we have 
discussed so far, induced emf was produced by a changing 
magnetic flux from some external source. But the change of 
flux through a coil may also be due to a change of current in —/P PTT /TT 
the coil itself. —| Tih i 


ie 






= 


Consider the circuit shown in Fig. 15.12. A coil is connected in 
series with a battery and a rheostat. Magnetic flux is produced 
through the coil due to current in it. If the current is changed by 
varying the rheostat quickly, magnetic flux through the coil 
changes that causes an induced emf in the coil. Such an emf 
is called as self induced emf. Fig. 15.12 
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If the flux through one loop of the coil be ® , then the total flux 
through the coil of N turns would be N ®. As ® is proportional 
to the magnetic field which is in turn proportional to the 
current /, therefore 


N@a/ 
or NO=L/ seaneeeaen (15.11) 


where L = “e is the constant of proportionality called the self 


inductance of the coil. It depends upon the number of turns of 

the coil, its area of cross-section and the core material. By 
winding the coil around a ferromagnetic (iron) core, the 
magnetic flux and hence the inductance can be increased 
significantly relative to that for an air core. 


By Faraday's Law , emf induced in the coil is 


At 
= A(N®) 
Af . 

Putting N®=L/fromEq.15.11 | 





or ey eae ree (15.12) 


The Eq.15.12 shows that the self induced emf in a coil is 
proportional to the time rate of change of current in the Coil. 
Self inductance L of a coil may be defined as the ratio of the 
emf to the rate of change of current in the coil. The unit of L is 
also henry (H). 


The negative sign in Eq.15.12 indicates that the self induced 
emf must oppose the change that produced it. That is why the 
self induced emf is sometimes called as back emf. This is 
exactly in accord with the Lenz's law. If the currentis increased, 
the induced emf will be opposite to that of battery and if the 
current is decreased the induced emf will aid, rather than 
opposing the battery. Because of their self inductance, coils of 
wire are known as inductors, and are widely used in electronics. 
In alternating current, inductors behave like resistors. 











We have studied in chapter12 that energy can be stored in 
the electric field between the plates of a capacitor. In a similar 
manner, energy can be stored in the magnetic field of an 
inductor, 


Consider a coil connected to a battery and a switch in series 
(Fig. 15.13). When the switch is turned on voltage Vis applied 
across the ends of the coil and current through it rises from iWiddeiessit 
Zero to its maximum value /, Due to change of current, anemf Current 
is induced, which is opposite to that of battery. Work is done ( 
by the battery to move charges against the induced emf. 





Work done by the battery in moving a small charge Aq is 


; apotia a aaa er : = -— So PE 
Sey 7 Ys rc a fie A =e ee a 
+> — EF = AGE WS neweeeee (To.13) 






. where €, is the magnitude of induced emf, given by 





5 - 
Zs _ Al Fig, 15.13 
At 


Putting the value of e, in Eq.15.13 we get 










Total work done in establishing the current from 0 to /is found 
by inserting for a the average current, and the value of A/. 
A 


| Ag  O+J- 1, 
1 | ; 2 es = — | 
Average current At > 9 


Change in current = Ar=/-0=/ 
Total work w=(3r\Lr 


Ww 3 Lr 
This work is stored as potential energy in the inductor. Hence 
the energy stored in an inductoris _ 


wr es 
Pp 






As in case of a capacitor, energy is stored in the electric field 
between the plates, likewise, in an inductor, energy is stored in 
the magnetic field. Therefore, Eq. 15.15 can be expressed in 
terms of the magnetic field B of a solenoid which has n tums 
per unit length and area of cross section A. The magnetic field 
strength inside it is B = uni. Since flux through the coil is 
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o=BA 





i = NIA avn 9 (15.18): | 
Substituting the value of ® in Eq.15.11 | 
NO 
NO=L/ or L oF 
wu nd 
we have Sal ara =Nu,nA 











if is the length of solenoid, then putting N = nZin above Eq. 
we get the self inductance of the solenoid as 


L=(né) nA 
L=p,rAe Rae mee (15.17) | 
Substituting for L, the Eq.15.15 becomes, 
Un = 5 (MIPAQ® —vrsereee (15.18) 


B 
Since B for a solenoid is given by B= yn or/ “ha 
0 


Substituting for /,Eq.15.18 becomes _, 
1 B 
U,, = 2 (HIT Al) 2) 
1 Be 
U.=s— (Ae Acca 2k Claetor 
Now energy density can be defined as the energy stored per 


unit volume inside the solenoid, so dividing Eq.15.19 by the 
volume (A¢),-we get enemy density, 
== Be 











ee = 9 7 eeprriey = (15.20) 


—_— 
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Area of cross section = A = 28 cm’ = 2.8 x 10° m’ 
steady current =/=5A 
Energy Stored = U. =? 
First, we calculate the inductance L using the Eq. (15.17) 
L= pure 
=(4nx 10°") WbA ‘mx (4000 m*)? x 2.8 «103m? x 0.1m 


= 5.6310 WbA~' =5.63x107H 


1 1 get Sits ‘ 
Energy stored= U, =p L J* 9 9-63* 10 “NmA “)x(5A) 
=7.04x10?Nm =7.04x107 J 


We have learnt that when a current carrying coil is placed ina 
magnetic field, a torque acts on it that rotates the coil. What 
happens if a coil of wire is rotated in a magnetic field? Cana 
current be produced in the coil? Yes, it does, Such a device is 
called a current generator. 











The principle of an electric generator is based on Faraday's | 
law of electromagnetic induction. When a coil is rotated in a 
magnetic field by some mechanical means, magnetic flux 
through the coil changes, and consequently an emf is (Front view) 
induced in the coil. 

If the generator is connected to an external circuit, an electric 
current is the output of the generator. 

Let a rectangular loop of wire of area A be placed in a uniform 
magnetic field B (Fig.15.14). The loop is rotated about z-axis 
through its centre at constant angular velocity m. One end of the 
loop is attached to a metal ring R and the other end to the ring 
R’. These rings, called the slip rings are concentric with the axis 
of the loop and rotate with it. Rings R R’ slide against stationary 
carbon brushes to which extemal circuitis connected. 


Fig.15.14 





To calculate the induced emf in the loop, consider its position ~ 

(Fig. 15.15) while it is rotating anticlockwise. The figure shows the di 

top view of the coil. The vertical side ab of the loop is moving with | 

velocity v in the magnetic field B. If the angle between v and B ss aoe 

be 8, the motional emf induced in the side ab has the magnitude, Pia e048 
E,, = VBLsin@ 
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The direction of induced current in the wire ab is the same as 
that of force F experienced by the charges in the wire, i.e., 
from top to the bottom. The same amount of emfis induced in 
the side cd but the direction of current is from bottom to the 
top. 


Therefore 4= VBL sin§ 


The net contribution to emf by sides bc and da is zero 
because the force acting on the charges inside be and da Is 
not along the wire. 


Thus E,,=€,, =0 


Since both the émfs in the sides ab and cd drive currentin the 
same direction around the loop, the total emfin the loopis 


E=€,,F€, 
e=vBLsin6+vBL sind 
£=2?vBLsin8 


If the loop is replaced by a coil of N turns, the total emf in the 
coil will be, 





SSE WEehbo ees 


The linear speed v of the vertical wire is related to the angular 
speed o by the relation 


v=or 


where ris the distance of the vertical wires from the centre of 
the coil. Substituting wrfor vin Eq. (15.21) 


We get 
£=2N(ar)BL sin 
€=Na(2rL) B siné 
E=NwABsin® sauy saab (15.22) 
where A=2rL=area ofthe coil 
As the angular displacement 8 = at, so the Eq. 15.22 becomes 
E=N@ABsin(wt) —...-..... 3 (15.23) 


Eq.15.23 shows that the induced emf varies sinusoidally with 
time. 


Ithas the maximum value €, when sin (wt) is equal to 1. Thus 
fs =NwAB eeeeeenees ‘ (15.24) 
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The Eq.15.23 can be written as, 
rSF sir i | ti) PP a prt teach (75.75) 


lf Ris the resistance of the coil, then by Ohm's law, induced 


rs 7 





currentin the coil will be 
E  €,Sin(ct) _ 
R 


& 
5 eae §2 sinfet 
R 7m sin(ot) 





Angular speed « of the coil is related to its frequency of 
rotationfas, m=2nf 


The Eqs. 15.25 and 15.26 can be written as 


MTT 











Eq.15.28 indicates the variation of current as a function of 
@ =2nft. Fig. 15.16 shows the graph for the current 
corresponding to different positions of one loop of the coil. 


When the angle between v & B is 6 = 0°, the plane of the loop 
is perpendicular to B, current is zero. As 6 increases, current 
also increases and at @ = 90° = n/2 rad, the loop is parallel to 
B, current is maximum, directed along abcda. On further 
increase in 8 current decreases, and at @ = 180° =x rad the 
current becomes zero as the loop is again perpendicular to B. 
For 180° < 8 < 270° current increases but reverses its 
direction as is clear from the figure. Current is now directed 
along dcbad. At 6 = 270° = 3 n/2 rad, current is maximum in 
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Fig. 15.16 





the reverse direction as the loop is parallel to B. 

At 6 = 360° = 2x rad, one rotation is completed, the loop is 

perpendicular to B and the current decreases to zero. After 

one rotation the cycle repeats itself. The current alternates in 

direction once in one cycle. Therefore, such a current is 

= called the alternating current. It reverses its direction 
f times per second. 


In actual practice a number of coils are wound around an Iron 
cylinder which is rotated in the magnetic field. This assembly 
is called an armature. The magnetic field is usually provided 
by an electromagnet. Armature is rotated by a fuel engine ora 
turbine run by a waterfall. In some commercial generators, 
field magnet is rotated around a stationary armature. 
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Example 15.6: An alternating current generator operating at 
50 Hz has a coil of 200 turns. The coil has an area of 120 cm’. 
What should be the magnetic field in which the coil rotates in 
order to produce an emf of maximum value of 240 volts? 


Solution: 
Frequency of rotation = f=50 Hz 


= 
~ — , 
ir = a co 
_ ~~ = 
—_ a a Ss on 





Faraday's homopolar generator with £ 7 ee 
which he was able to produce = No. of turns of the coil =N = 200 
sa a i acai Area of the coil=A=120em’=1.2x 10° m 


Maximum emf=e,,,, = 240 V 
Magnetic flux density =8=? 
First, we shall find the angular speed w. 
Using o=2nf 
= 2x50 = 314.3 rads” 
__ Fa 
Using €,=NwmAB or Nod 


240 V 
B= ad ae 
200=314.3rads" x1.2x10°m 





B=0.32 Vsrad'm* =0.32T 









Alternating current generators are not suitable for many 
applications, for example, to run a D.C. Motor. In 1834, 
William Sturgeon invented a simple device called a 
commutator that prevents the direction of current from 
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changing. Therefore a D.C. generator is similar to the A.C. 
generator in construction with the difference that 
"slip rings" are replaced by "split rings". The "split rings" are 
two halves of a ring that act as a commutator. Fig. 15.17 
shows the "split rings" Aand A’ attached to the two ends of the 
coil that rotates in the magnetic field. When the current in the 
coil is zero and is about to change direction, the split rings 
also change the contacts with the carbon brushes BB’, In this 
way the output from BB' remains in the same direction, 
although the current is not constant in magnitude. The curve 
of the current is shown in Fig.15.18. Itis similar to a sine curve 
with the lower half inverted. The fluctuations of the output can 
be significantly reduced by using many coils rather than a 
single one. Multiple coils are wound around a cylindrical core 
to form the armature. Each coil is connected to a separate 
commutator and the output of every coil is tapped only as it 
reaches its peak emf. Thus the emf in the outer circuit is 
almost constant. 


A generator is the source of electricity production. Practically, 
the generators are not so simple as described above. A large 
turbine is turned by high pressure steam or waterfall. The 
Shaft of the turbine is attached to the coil which rotates in a 
magnetic field. It converts the mechanical energy of the 
driven turbine to electrical energy. The generator supplies 
current to the external circuit. The devices in the circuit that 
consume electrical energy are known as the "load", The 
greater the load the larger the current is supplied by the 
generator. When the circuit is open, the generator does not 
supply electrical energy, and a very little force is needed to 
rotate the coil. As soon as the circuit is closed, a current is 
drawn through the coil. The magnetic field exerts force on the 
current carrying coil. Fig. 15.19 shows the forces acting on 
the coil. Force F, is acting on the left side of the coil whereas 
an equal but opposite force F, acts on the right side of the coil, 
These forces are such that they produce a counter torque 
that opposes the rotational motion of the coil. This effect is 
sometimes referred to as back motor effect in the generators. 
The larger the current drawn, the greater is the counter torque 
produced, That means more mechanical energy is required 
to keep the coil rotating with constant angular speed. This is 
in agreement with the law of conservation of energy. The 
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Fig. 15.17 
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energy consumed by the "load" must come from the “energy 
source” used to drive the turbine. 


A motor is a device which converts electrical energy Into 
mechanical energy. We already know that a wire carrying 
current placed in a magnetic field experiences a force. Thisis 
the basic principle of an electric motor. In construction a D.C 
‘motor is similar to a D.C generator, having a magnetic field, a 
commutator and an armature. In the generator, the armature 
is rotated in the magnetic field and currentis the output. In the 
D.C motor, current passes through the armature that rotates 
in the magnetic field. In the D.C motor, the brushes are 
connected to a D.C supply or battery (Fig.15.20). When 
current flows through the armature coil, the force on the 
conductors produces a torque, that rotates the armature. The 
amount of this torque depends upon the current, the strength 
of the magnetic field, the area of the coil and the number of 
turns of the coil. 


Ifthe currentin the coil were all the time in the same direction, 
the torque on it would be reversed after each half revolution. 
But at this moment, commutator reverses the direction of 
current that keeps the torque always in the same sense. A 
little problem arises due to the use of commutator, thatis, the 
torque vanishes each time the current changes its direction. 
This creates jerks in the smooth running of the armature. 
However the problem is overcome by using more than one 
coil wrapped around a soft-iron core. This results in 
producing a more steady torque. 


The magnetic field in the motor, is provided by a permanent 
magnet or an electromagnet. The windings of the 
electromagnet are usually called the field coils. The field coils 
may bein series or in parallel to the armature coils, 


A motor is just like a generator running in reverse. When the 
coil of the motor rotates across the magnetic field by the 
applied potential difference V, an emf is induced in it. The 
induced emf is in such a direction that opposes the emf 
running the motor. Due to this reason the induced emf is 
called back emf of the motor, The magnitude of the back emf 
increases with the speed of motor. 


Since Vand € are opposite in polarity, the net emfin the circuit 
is V-e. If Ris the resistance of the coil and / the current drawn 
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by the motor, then by Ohm's law 


V-e ; 3 

ds Beh es | YS *E+IR ea ee Hissar (18.29) 
When the motor is just started, Kask emf is alae: zero and 
hence a large current passes through the coil. As the motor 
speeds up, the back emf increases and the current becomes 
smaller and smaller. However, the current is sufficient to 
provide torque on the coil to drive the load and to overcome 
losses due to friction. If the motor is overloaded, it slows 
down. Consequently, the back emf decreases and allows the 
motor to draw more current. If the motor is overloaded 
beyond its limits, the current could be so high that it may 
burnout the motor. 





A transformer is an electrical device used to change a given 
alternating emf into a larger or smaller alternating emf. It 
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works on the principle of mutual induction between two coils. 


In principle, the transformer consists of two coils of copper, 
electrically insulated from each other, wound on the same 
iron core. The coil to which A.C power is supplied is called 
primary and that from which power is delivered to the circuitis 
called the secondary. 


It should be noted that there is no electrical connection 
between the two coils but they are magnetically linked. 
Suppose that an alternating emfis applied to the primary. If at 
some instant f the flux in the primary is changing at the rate of 
A®/At then there will be back emf induced in the primary 
which will oppose the applied voltage. The instantaneous 
value of the self induced emf is given by 

Selfinduced emf= - Ne 
lf the resistance of the coil is negligible then the back emf is 
equal and opposite to applied voltage V.. 






where N, is the number of turns in the primary. 


Assuming the flux through the primary also passes through the 
secondary, i.e., the two coils are tightly coupled, the rate of 
change of flux in the secondary will also be A®/At and the 
magnitude of the induced emf across the secondary is given by 












where N, is the number of turnsin secondary 
Dividing Eq.15.31 by Eq. 15.30, we get 








If N, > N, then according to Eq. 15.32, V, > V,, such a 
transformer in which voltage across secondary is greater 
than the primary voltage is called a step up transformer (Fig. 
15.20 a). Similarly if N, < N,, i.e., the number of turns in the 
secondary is less than the number in primary, then V, < V,, 
such transformer in which voltage across secondary is less 
than the primary voltage is called a step down transformer 
(Fig. 15.20 b). 
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It is important to note that the electrical power in a 
transformer is transformed from its primary to the secondary 
coil by means of changing flux. For an ideal case the power 
input to the primary is nearly equal to the power output from 
the secondary i.e., 


Power input = Power output 
i.e., Vi i= Vu, 





ares ae 
at = Tis a, wii Tiare 





[, is the current in ibe t primary and /. in the mare The 
currents are thus inversely proportional to the respective 
voltages. Therefore, in a step up transformer when the 
voltage across the secondary is raised, the value of currentis 
reduced. This is the principle behind its use in the electric 
supply network where transformer increases the voltage and 
reduces the current so that it can be transmitted over long 
distances without much power loss. When current / passes 
through a resistance A, the power loss due to heating effectis 
IR. Suppose Ris the resistance of transmission line. In order 
to minimize the loss during transmission, it is not possible to 
reduce R because it requires the use of thick copper wire 
which becomes highly uneconomical. The purpose is well 
served by reducing /. At the generating power station the 
voltage is stepped up to several thousand of volts and power 
is transmitted at low current to long distances without much 
loss. Step down transformers then decrease the voltage toa 
safe value at the end of line where the consumer of electric 
power is located. Inside a house a transformer may be used 
to step down the voltage from 250 volts to 9 volts for ringing 
bell or operating a transistor radio. Transformers with several 
secondaries are used in television and radio receivers where 
several different voltages are required. 


Only in an ideal transformer the output power is nearly equal 
to the input power. But in an actual transformer, this in not the 
case. The output is always less than input due to power 
losses. There are two main causes of power loss, namely- 
eddy currents and magnetic hysteresis. 


In order to enhance the magnetic flux, the primary and 
secondary coils of the transformer are wound on soft iron 
core. The flux generated by the coils also passes through the 
core. As magnetic flux changes through a solid conductor, 
induced currents are set up in closed paths in the body of the 
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conductor, These induced currents are set up in a direction 
perpendicular to the flux and are known as eddy currents. It 
results in power dissipation and heating of the core material. 
In order to minimize the power loss due to flow of these 
currents, the core is laminated with insulation in between the 
layers of laminations which stops the flow of eddy currents 
(Fig. 15.21). Hysterises loss is the energy expended to 
magnetize and demagnetize the core material in each cycle 
of theA.C. 


Due to these power losses, a transformer is far from being an 
ideal. Its output power is always less than its input power. The 
efficiency of a transformer is defined as 


_ output power 400 

input power 
In order to improve the efficiency, care should be exercised, 
to minimize all the power losses. For example core should be 
assembled from the laminated sheets of a material whose 
hysteresis loop area is very small. The insulation between 
lamination sheets should be perfect so as to stop the flow of 
eddy currents. The resistance of the primary and secondary 
coils should be kept to a minimum. As power transfer from 
primary to secondary takes place through flux linkages, so 
the primary and secondary coils should be wound in such a 
way that flux coupling between them is maximum. 
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' SUMMARY 


An emfis set up ina conductor when it moves across a magnetic field. Itis called an 
induced emf. 

The emf induced by the motion of a conductor across a magnetic field is called 
motional emf. 

Magnitude of motional emf in a rod of length L moving with velocity v across a 
magnetic field of strength B making 8 withitis e=vBLsin® 

Faraday's law states that the emf induced in a conducting coil of 


N loops is equal to the negative of the rate at which the magnetic flux through the coil 
is changing with time. 


The Lenz's law states that the direction of the induced current is always so as to 
oppose the change which causes the current, 


The phenomenon in which a changing current in one coil induces an emf in another 
coil is called the mutual induction. 

One henry is the mutual inductance of that pair of coils in which a change of current 
of one ampere per second in the primary causes an induced emf of one volt in the 
secondary. 

The phenomenon in which a changing current in a coil induces an emf in itself is 
called self induction. 

A current generator is a device that converts mechanical energy into electrical 
energy. 

The emf produced inageneratoris ©«=NmABsin(mt) or e=e,sin(2n ft). 

Amotoris a device, which converts electrical energy into mechanical energy. 


The induced emf in a motor opposes the emf running the motor. This induced emf is 
called the back emf of the motor. 


QUESTIONS 
Does the induced emf in a circuit depend on the resistance of the circuit? Does the 
induced current depend on the resistance of the circuit? 


A square loop of wire is moving through a uniform magnetic field. The normal to the 
loop is oriented parallel to the magnetic field. ls a emf induced in the loop? Give a 
reason for your answer. 
A light metallic ring is released from above intoa verticalbarmagnet 
(Fig. @.15.3). Viewed for above, does the current flow clockwise or : 
anticlockwise in the ring? 

Fig. 0.1 i 
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Whaat is the direction of the current through resistor R 
in Fig.Q.15.4?. When switch Sis 

(a) closed 

(b) opened. 





When the switch in the circuit is closed a current is 
established in the coil and the metal ring jumps 
upward (Fig.Q.15.6). Why? 

Describe what would happen to the ring if the 
battery polarity were reversed? 





Fig. @. 15.6 


The Fig.Q:15.7 shows a coil of wire in the xy plane 
with a magnetic field directed along the y - axis. 
Around which of the three coordinate axes should 
the coil be rotated in order to generate an emf and 
a current in the coil? 


Fig. Q. 15.7 





How would you position a flat loop of wire in a changing magnetic field so that 
there is no emf induced in the loap? 


In a certain region the earth's magnetic field point vertically down. When a plane 
flies due north, which wingtip is positively charged? 

AD : 
show that € and Ee have the same units. 


When an electric motor, such as an electric drill, is being used, does it also act as 
a generator? If so what is the consequence of this? 

Can a D.C motor be turned into a D.C generator? What changes are required to 
be done? 

Is it possible to change both the area of the loop and the magnetic field passing 
through the loop and still not have an induced emf in the loop? 

Can an electric motor be used to drive an electric generator with the output from 
the generator being used to operate the motor? 

A suspended magnet is oscillating freely in a horizontal plane. The oscillations are 
strongly damped when a metal plate is placed under the magnet. Explain why this 
occurs? 
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I 
Four unmarked wires emerge from a transformer. What steps would you take to 
determine the turns ratio? 


a) Cana step-up transformer increase the power level? 
b) In a transformer, there is no transfer of charge from the primary to the secondary. 
How is, then the power transferred? 


When the primary of a transformer is connected to a.c mains the currentin it 


a) is very small ifthe secondary circuit is open, but 
b) increases when the secondary circuit is closed. Explain these facts. 


PROBLEMS 


An emf of 0.45 V is induced between the ends of a metal bar moving through a 
magnetic field of 0.22 T. What field strength would be needed to produce an emf of 
1.5 V between the ends of the bar, assuming that all other factors remain the same? 
(Ans: 0.73 T) 
The flux density B in a region between the pole faces of a horse-shoe magnet is 
0.5 Wbm” directed vertically downward. Find the emf induced in a straight wire 
9.0.cm long, perpendicular to B when itis moved in a direction at an angle of 60° with 
the horizontal with a speed of 100 cms”. (Ans: 1.25 x 10°V) 


Acoil of wire has 10 loops. Each loop has an area of 1.5 x 10° m’. Amagnetic field is 
perpendicular to the surface of each loop at all times. If the magnetic field is changed 
from 0.05 T to 0.06 T in 0.1 s, find the average emf induced in the coil during this time. 

(Ans: +1.5 x 10° V) 


A circular coil has 15 turns of radius 2 cm each. The plane of the coil lies at 40° toa 
uniform magnetic field of 0.2 T. If the field is increased by 0.5 T in 0.2 s, find the 
magnitude of the induced emf. (Ans: 1.8x 10°V) 


Two coils are placed side by side. An emf of 0.8 V is observed in one coil when the 
current is changing at the rate of 200 As’ in the other coil. What is the mutual 
inductance of the coils? (Ans: 4 mH) 


A pair of adjacent coils has a mutual inductance of 0.75 H. If the current in the 
primary changes from 0 to 10 Ain 0.025 s, what is the average induced emf in the 
secondary? Whatis the change in flux in itif the secondary has 500 turns? 

(Ans: 300 V , 1.5 x 10° Wb) 


A solenoid has 250 turns and its self inductance is 2.4 mH. Whats the flux through 
each turn when the current is 2 A? What is the induced emf when the current 
changes at 20As'? (Ans: 1.92 x 10° Wb, 48 mV) 


Asolenoid of length 8.0 cm and cross sectional area 0.5 cm’ has 520 turns. Find the 
self inductance of the solenoid when the core is air. If the current in the solenoid 
increases through 1.5Ain 0.25, find the magnitude of induced emf in it. 

(u,= 42 x 10” WbA"m'') (Ans: 1.6 x 10°V , 2.12x 10“H) 
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When current through a coil changes from 100 mAto 200 mAin 0.005 s, an induced 
emf of 40 mV is produced in the coil. (a) Whatis the self inductance of the coil’? 
(b) Find the increase in the energy stored in the coil. (Ans: 2 mH, 0.03 mJ) 


Like any field, the earth's magnetic field stores enegy. Find the magnetic energy 
stored in a space where strength of earth's field is 7 x 10°T, if the space occupies an 
area of 10x 10° m’ and has a height of 750 m. (Ans: 1.46x 10°J) 


A square coil of side 16 cm has 200 turns and rotates in a uniform magnetic field of 
magnitude 0.05 T. If the peak emf is 12 V, what is the angular velocity of the coll 
(Ans: 47 rads’) 


A generator has a rectangular coil consisting of 360 turns. The coil rotates at 
420 rev per min in 0.14 T magnetic field. The peak value of emf produced by the 
generator is 50 V. if the coil is 5.0 cm wide, find the length of the side of the coil. 

(Ans: 45 cm) 
It is desired to make an a.c generator that can produce an emf of maximum value 
5kV with 50 Hz frequency. A coil of area 1 m* having 200 turns is used as armature. 
What should be the magnitude of the magnetic field in which the coil rotates? 


(Ans: 0.08 T) 
The back emf ina motor is 120 V when the motor is turning at 1680 rev per min. What 
is the back emf when the motor turns 3360 rev per min? (Ans: 240 V) 


A.D.C motor operates at 240 V and has a resistance of 0.5 2 . When the motor is 
running at normal speed, the armature current is 15 A. Find the back emf in the 
armature. (Ans: 232.5 V) 


A copper ring has a radius of 4.0 cm and resistance of 1.0 mQ. A magnetic field is 
applied over the ring, perpendicular to its plane. !f the magnetic field increases from 
0.2 T to 0.4 T ina time interval of 5 x 10°s, what is the current in the ring during this 
interval? (Ans: 201A) 


Acoil of 10 turns and 35 cm’ area is in a perpendicular magnetic field of 0.5 T. The 
coil is pulled out of the field in 1.0 s. Find the induced emf in the coil as itis pulled out 
of the field. (Ans:1.75x 10° V) 


An ideal step down transformer is connected to main supply of 240 V. Itis desired to 
operate a 12 V, 30 W lamp. Find the current in the primary and the transformation 
ratio? (Ans: 0.125A, 1/20) 
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| ALTERNATING CURRENT 


Learning Objectives 

Atthe end of this chapter the students will be able to: 

1. Understand and describe time period, frequency, the peak and root mean square 
values of an alternating current and voltage. 

Know and use the relationship for the sinusoidal wave. 

Understand the flow of A.C. through resistors, capacitors and inductors. 

Understand how phase lags and leads in the circuit. 

Apply the knowledge to calculate the reactances of capacitors and inductors. 

Describe impedance as vector summation of resistances. 

Know and use the formulae of A.C. power to solve the problems. 

Understand the function of resonant circuits. 

Appreciate the principle of metal detectors used for security checks. 

Describe the three phase A.C. supply. | 


Papas familiar with electromagnetic spectrum (ranging from radio waves 
lay rays). 


Know the production, transmission and reception of electromagnetic waves. 
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W. have read in the last chapter that an A.C. generator produces alternating 

voltage/current. Now a days most of the electrical energy is produced by A.C. generators 
using water power or huge steam turbines. The main reason for the world wide use of A.C. is 
that it can be transmitted to long distances easily and at a very low cost. 





Alternating current (A.C.) is that which is produced by a voltage source whose polarity keeps 
on reversing with time (Fig.16.1 a,b). In Fig.16.1 (a), the terminal A of the source is positive 
with respect to terminal B and it remains so during a time interval 0 to T/2. Att= 7/2, the 
terminals change their polarity. Now A becomes negative with respect to B (Fig.16.1 b). This 
state continues during the time interval T / 2 to T, after which terminal A again becomes 
positive with respect to B and the next cycle starts. As a result of this change of polarity, the 
direction of the current flow in the circuit also changes, During the time 0 —T/2, it flows in one 
direction and during the interval 7/2 —Tin opposite direction (Fig.16.1 a,b). This time interval T 
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Fig, 16.4 
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during which the voltage source changes its polarity once is 
known as period T of the alternating current or voltage. Thus 
an alternating quantity is associated with a frequency fgiven 
by 


yt ei, . i = — yet 
S hs eo. 40 ah 
fa eee IGA 
= rah Diy 


The most common source of alternating voltage is an A.C. 
generator which has been described in the previous chapter. 
The output Vof this A.C. generator at any instant is given by 


2n 
v= v,sin= ite S 
noxt = 


where Tis period of the rotation of the coil: and is raeeal to the 





period of A.C. and a = 2nf = wis angular frequency of rotation 


of the coil. Thus : xt=t is the angle @ through which the 


coil rotates in time ¢. Eq.16.2 shows that the value of 
alternating voltage Vis not constant. It changes with time ¢. 


Whent=0, 6= aE xt is 0 and V is zero. When t = T/4, 


g- 7", 4 — = and Vattains its maximum value Vat this 
4 


instant. At t= 7/2, @ = n and Vis zero. At this instant V 
changes its polarity and becomes negative henceforth. 
af an : 

When t=~-, = “> and V =-V_ and finally at the end of the 
cycle when t= 7,8=2nand V=0. The variation of V with 
time tand 6 is shown in Fig. 16.2 (a,b). This graph between 
voltage and time is known as waveform of alternating 
voltage. It can be seen that itis a sine curve. Thus the output 
voltage of an A.C. generator varies sinusoidally with time. In 
our daily life we are mostly dealing with this type of voltage, 
so we will consider it in detail. 


it. Instantaneous value 





The value of voltage or current that exists in a circuit at any 
instant of time t measured from some reference point is 
known as its instantaneous value. It can have any value 
between plus maximum value +V, and negative maximum 
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value -V, and is denoted by V. The entire waveform shown in 
Fig.16.2 is actually a set of all the instantaneous values that 
exist during a period 7. Mathematically, it is given by 
V=V,sin@= V, sin of 


oS 3 
V=V,sin > MES V Gin Pall — —sctins (16.3) 


?. Peak value 


Itis the highest value reached by the voltage or current in one 
cycle. For example, voltage shown in Fig. 16.2 has a peak 
value of V.. 


3. Peak to Peak Value 


Itis the sum of the positive and negative peak values usually 
written as p-p value. The p-p value of the voltage waveform 
shown in Fig. 16.2is 2V.,. 





If we connect an ordinary D.C. ammeter to measure 
alternating current, it would measure its value as averaged 
over a cycle. Itcan be seen in Fig. 16.2 that the average value 
of current and voltage over a cycle is zero, but the power 
delivered during a cycle is not zero because power is / RP and § 
the values of J ‘are positive even for negative values of /. Thus * 
the average value of J is not zero and is called the mean 
square current. The alternating current or voltage is actually 
measured by square root of its mean square value known as 
root mean square (rms) value. 
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Letus compute the average value of V’ overa cycle. Fig.16.3 
shows an alternating voltage and the way its V* values vary. 
Note that the values of V are, positive on the negative half 
cycle also. As the graph of Vis symmetrical about the line 
+ V,, 80 for thisfigure the mean or the average value of V is 
3Vo . The root mean square value of Vis obtained bytaking 
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Do You Know? 





the square root of V’, /2 Therefore, 
Peis yiuns ee ge 


Se OT Veer 0 (184) 





Similarly La= 


Most of the alternating current and voltage meters are 
calibrated to read rms values. When we speak of A.C. meter 
reading, we usually mean rms values unless stated 
otherwise. 





Pha se ofA.C 
We have seen that the instantaneous value of the alternating 
voltage is given by 

V=V. sin af 


or V=V_ sing 


This angle 9 which specifies the instantaneous value of the 
alternating voltage or current is known as its phase. In 
Fig. 16.2 (b), we can say that the phase at the pointsA, B,C, D 
and E is 0, x/ 2, 2, 3n/ 2 and 2x respectively because these 
angles are the values of 9 at these points. Thus each point on 
the A.C. waveform corresponds to a certain phase. 
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The phase at the positive peak is x/2 = 90° and it is 
3n/2 = 270° at the negative peak. The points where the 
waveform crosses the time axis correspond to phase 0 and x. 





Phase Lag and Phase Lead 


In practice, the phase difference between two alternating 
quantities is more important than their absolute phases. 
Fig. 16.4 shows two waveforms 1 and 2, The phase angles of 
the waveform 1 atthe points A, B, C, Dand E have been shown 
above the axis and those of waveform 2 below the axis. At the 
point B, the phase of 1 is x / 2 and that of 2 is 0. Similarly it can 
be seen that at each point the phase of waveform 2 is less than 
the phase of waveform 1 by an angle of m/2. We say thatA.C. 2 
is lagging behind A.C. 1 by an angle of 7 / 2. It means that at 
each instant, the phase of A.C. 2 is less than the phase of A.C. 1 
by 2/2. Similarly it can be seen in Fig. 16.5, that the phase at 
each point of the waveform of A.C. 2 is greater than that of 
waveform 1 by an angle 7/2. In this case, itis said thatA.C. 2 ts 
leading the A.C. 1 by = / 2. It means that at each instant of time. 
the phase of A.C. 2 is greater than that of 1 by a/2. 

Phase lead and lag between two alternating quantities ts 


conveniently shown by representing the two A.C, quantities 
as vectors. 






Vector Representation of an Alternating Quantity | 


A sinusoidally alternating voltage or current can be 
graphically represented by a counter clockwise rotating 
vector provided it satisfies the following conditions. 


OQ 
1. Its length on a certain scale represents the peak or 


rms value of the alternating quantity. 


2. It is in the horizontal position at the instant when the 
alternating quantity is zero and is increasing positively. 


3. The angular frequency of the rotating vector is the 
same as the angular frequency « of the alternating 
quantity. ; 

Fig. 16.6 (a) shows a sinusoidal voltage waveform leading an 

alternating current waveform by 1/2. The same fact has been 

shown vectorially in Fig.16.6 (b). Here vector OI represents 
the peak or rms value of the current which is taken as the 
reference quantity. Similarly OV represents the rms or peak 
value of the alternating voltage which is leading the current by 
90". Both vectors are supposed to be rotating in the counter 
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50° of a2 rad. 


Fig. 16.6 








f 





Fig. 16.7 






clockwise direction at the angular frequency w of the two 
alternating quantities. Fig. 16.6 (b) shows the position of 
voltage and current vector at t=0. 


The basic circuit element in a D.C. circuit is a resistor (FR) 
which controls the current or voltage and the relationship 
between them is given by Ohm's law thatis V=/R. 


In A.C. circuits, in addition to resistor R, two new circuit 
elements namely INDUCTOR (L), and CAPACITOR (C) 
become relevant. The current and voltages in A.C. circuits 
are controlled by three elements R, Land C. We would study 
the response of an A.C. circuit when it is excited by an 
alternating voltage. 





Fig. 16.7 (a) shows a resistor of resistance R connected with 
an alternating voltage source. 


At any time f the potential difference across the terminals of 
the resistor is given by 
om oe as ee n i 
Fat oat  V=V,sin at Steamer (16.5) 
where V, is the peak value of the alternating voltage. The 
current/ flowing through the circuit is given by Ohm's law 
V_V, 
l=p R Sinot 


pS ea: (16.6) 


V, 
where / is the instantaneous current and /, = R is the 


peak value of the current. It follows from Eqs.16.5 and 16.6 
that the instantaneous values of both voltage and current are 
sine functions which vary with time (Fig.16.7b). This figure 
shows that when voltage rises, the current also rises. If the 
voltage falls, the current also does so — both pass their 
maximum and minimum values at the same instant. Thus ina 
purely resistive A.C. circuit, instantaneous values of voltage 
and current are in phase. This behaviour is shown graphically 
in Fig.16.7 (b) and vectorially in Fig. 16.7 (c). 


Fig. 16.7 (c) shows V and I vectors for resistance. They are 
drawn parallel because there is no phase difference between 
them. The opposition to A.C. which the circuit 
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presents is the resistance 


Vv . = 
= i Ss = = ae ep ee (16 7 

The instantaneous power in the resistance is given by 
P =/R =VI =V"/ Re = tbeiae ewer (16.8) 


Pis in watts, Vis in volts, /is in amperes and Ris in ohms. Itis 
very important to note that the Eq. 16.8 holds only when the 
current and voltage are in phase. 


Alternating current can flow through a resistor, but it is not 
obvious that how it can flow through a capacitor. This can be 
demonstrated by the circuit shown in Fig.16.8. A low power 
bulb is connected in series with a 1 uF capacitor to supply 
mains through a switch. When the switch is closed, the bulb 
lights up showing that the current is flowing through the 
capacitor. Direct current cannot flow through a capacitor 
continuously because of the presence of an insulating 
medium between the plates of the capacitor. Now let us see 
how does A.C. flows through a capacitor. The current flows 
because the capacitor plates are continuously charged, V 
discharged and charged the other way round by the 
alternating voltage (Fig. 16.9 a). The basic relation between 

the charge g on a capacitor and the voltage V across its Decreasing 
plates i.e. q=C Vholds at every instant. If V= V,sin wrtis the VR) +q 
applied alternating voltage, the charge on the capacitor at ce 
any instant will be given by | Decreasing 


q= CV=CV,sinot _ Set er (16.9) (a) 
Since C, V,, are constants, itis otsiibni: that q will vary the same 
way as applied voltagei.e., Vand q are in phase (Fig. 16.9 b). 
The current /is the rate of change of q with time i.e., 
in 
At 


So the value of / at any instantis the corresponding slope of 
the q—ftcurve. AtO when g=0, the slopeis maximum, so/is 
then a maximum. From O to A, slope of the g—f curve 





Fig. 16.8 


Increasing 







Increasing 


[= 





decreases to zero. So/is zero at N. FromAtoB the slope of rie ee 
the q—[curveis negative and so /is negative from NtoR. In 

this way the curve PNRST gives the variation of current 

with time. . 
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(c) 
Fig 16.9 





Referring to the Fig.16.2 (b)itcan be seen that the phase atO 
is zero and the phase at the upper maximum is x/ 2. Soin 
Fig.16.9 (b) the phase of V at O is zero but the current at this 
point is maximum so its phase is m/ 2. Thus, the current is 
leading the applied voltage by 90° or x / 2. Now consider the 
points A and N. The phase of alternating voltage at Ais x/ 2 
but the phase of current at N is 7. Again the current is leading 
the voltage by 90° or x/2. Similarly by comparing the phase 
at the pair of points (B, R), (C, S)and (D, T) it can be seen that 
at all these-points the current leads the voltage by 90° or x/2. 
This is vectorially represented in Fig.16.9 (c). 


Reactance of a capacitor is a measure of the opposition 
offered by the capacitor to the flow of A.C. It is usually 
represented by %... Its value is given by 

where V/. is the rms value of the alternating voltage across the 
capacitor and /,. is the rms value of current passing through the 
capacitor, The unit of reactance is ohm. In case of capacitor 


(16.10) 


X= on —— Cc pare Sore ceremme wh: 9 8 | 


According to Eq.16.11, a certain capacitor will have a large 
reactance at low frequency. So the magnitude of the 
opposition offered by it will be large and the current in the 
circult will be small. On the other hand at high frequency, the 
reactance will be low and the high frequency current through 
the same capacitor will be large. 
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An inductoris usually in the form of a coil or a solenoid wound 
from a thick wire so that it has a large value of self inductance 
and has a negligible resistance. We have already seen how 
self inductance opposes changes of current. So when an 
alternating source of voltage is applied across an inductor, it 
must oppose the flow of A.C. which is continuously changing 
(Fig. 16.10). Let us assume that the resistance of the coil is 
negligible. We can simplify the theory by considering first, the 
current and then finding the potential difference across the 


inductor which will cause this current. Suppose the currentis , 


[=], sin 2 nf t. If Lis the inductance of the coil, the changing 
current sets up a back emf in the coil of magnitude 


e.=Loy 


To maintain the current, the applied voltage must be equal to 
the back e.m.f. The applied voltage across the coil must, 
therefore, be equal to 


eto 
At 


Since L is a constant, V is proportional to ~ . Fig.16.10 (b) 


shows how the current / varies with time. The value of 
AI / At is given by the slope of the / - t curve at the various 
instants of time. At O, the value of the slope is maximum, so the 
maximum value of V equal to V, occurs at O and is represented 
by OP (Fig. 16.10 b). From O to A the slope of / - t graph 
decreases to zero so the voltage decreases form V, to zero at 
Q. From A to B, the slope of the / - f graph is negative, so the 
voltage curve goes from Q to R. In this way the voltage is 
represented by the curve PORST corresponding to current 
curve OABCD. By comparing the phases of the pair of points 
(0, P), (A, Q), (B, R), (C, S) and (D, T), it can be seen that the 
phase of the currentis always less than the phase of voltage by 
90° or x /2/.e., current lags behind the applied voltage by 90° 
or x/2orthe applied voltage leads the current by 90° or x/ 2. 
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Fig. 16.10 











This is vectorially shown in Fig. 16.10(c) Inductive reactance 
is a measure of the opposition offered by the inductance coil 
to the flow of A.C. Itis usually denoted by x, . 
X= ones. —- A162) 

If Ving iS rms value of the alternating voltage across an 
inductance and /_., the rms value of the current passing 
through it, the value of X, is given by 

—“- Lat a' SSS . > ik sa = 
The reactance of a coil, therefore, depends upon the 
frequency of the A.C. and the inductance L. It is directly 
proportional to both fand L. Lis expressed in henry, fin hertz, 
and X, in ohms. It is to be noted that inductance and 
capacitance behave oppositely as a function of frequency. If f 
is low X, is small but X..is large. For high f, X, is large but X_is 
small. The behaviour of resistance is independent of 
frequency. 
Referring to Fig.16.10 (b), it can be seen that no power is 
dissipated in a pure inductor. In the first quarter of cycle both V 
and / are positive so the power is positive, which means 
energy is supplied to inductor. In the second quarter, V is 
positive but / is negative. Now power is negative which implies 
that energy is returned by the inductor. Again in third quarter, it 
receives energy but returns the same amount in the fourth 
quarter. Thus, there is no net change of energy in a complete 
cycle. Since an inductor coil does not consume energy, the 
coil is often employed for controlling A.C. without consumption 
of energy. Such an inductance coil is known as choke. 






We already know that resistance R offers opposition to the 
flow of current. In case of A.C. an inductance L or a 
capacitance C also offer opposition to the flow of A.C. which 
is measured by reactances X, and X, respectively. An A.C. 
circuit may consist of a resistance R, an inductance L, a 
capacitance C or a combination of these elements. The 
combined effect of resistance and reactances in such a 
circuit is known as impedance and is denoted by Z. 
It is measured by the ratio of the rms value of the applied 
voltage to the rms value of fea A.C. Thus 

f= Secuhitesectee ge GUND 
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Itis also expressed in ohms. 





Consider a series network of resistance R and a capacitor C 
excited by an alternating voltage (Fig.16.11 a). As R and C 
are in series, the same current would flow through each of 
them. If /, is the value of current, the potential difference 
across the resistance R would be /._. R and it would be in 
phase with current /.... The vector diagram of the voltage and 
current is shown in Fig.16.11 (b). Taking the current as 
reference, the potential difference /. Racross the resistance 
is represented by a line along the current line because 
potential drop /_, R is in phase with current. The potential 
differance across the capacitor will be J. X.=2../m@C. As 
this voltage lags the current by 90°, so the line representing 
the vector /,. /@C is drawn at right angles to the current line 
(Fig.16.11 b). 


The applied voltage V.,, that will send the current / in the 
circuit is obtained by the resultant of the vectors /.. R and 
Tink {- 
i.e. 


aC 5: V. Tins RR i 
mm, = fst + 
(do) (=) 





Paes 6, 18) 
| — Sees eae eee == 

itcan be seenin Fig. 16. 1(t 4 (b) that the current and the appied 

voltage are not in phase. The current leads the applied 

voltage by an angle 8 such that 





121 








Fig 16.14 
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(c) 
Fig. 16.11 





(a) 





(b) 
Fig 16.12 





@=tan" | a nite ae (16.16) 

oCR |} | 
Eq.16.15 suggests that we can find the impedance of a 
series A.C. circuit by vector addition. The resistance F is 
represented by a horizontal line in the direction of current 


which is taken as reference. The reactance X;, -— is 
shown by a line lagging the R - line by 90° (Fig.16.11 c). The 
impedance Z of the circuit is obtained by the vector 
summation of resistance and reactance. Fig.16.11 (c) is 
known as impedance diagram of the circuit. The angle which 
the line representing the impedance Z makes with R line 
gives the phase difference between the voltage and current. 
In Fig.16.11(c), the current is leading the voltage applied by 


anangle 
o=tan{ 22 | -tan| j 
R LaCR |} 


Now we will calculate the impedance of a R- L series circuit 
by drawing its impedance diagram. Fig.16.12 (a) shows an 
R-L series circuit excited by an A.C. source of frequency w. 
The current is taken as reference, so it is represented by a 
horizontal line. Resistance Ris drawn along this line because 
the potential drop #,, R is in phase with current. As the 
potential across the inductance V, = J, X, =J,« (aL) leads 
the current by 90°, so the vector line of reactance X, = al Is 
drawn at right angle to R line (Fig.16.12 b). The impedance Z 
of the circuit is obtained by the vector sum of R and ol lines. 
Thus : 
Z=,)R* +(@L) 


The angle @=tan™ = which 7 makes with RF line gives the 


phase difference between the applied voltage and current. In 
this case the voltage leads the current by 6°. By comparing 
the impedance diagrams of R- C and L - F circuits, it can be 
seen that the vector lines of reactances X, and X, are 


_ directed opposite to each other with Ras reference. 


_The expression for poweris P= V.,. /_.. This expression is true 
in case of A.C. circuits, only when V and / are in phase as in 
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case of a purely resistive circuit. We have already seen that the 
power dissipation in a pure inductive or in a pure capacitance 
circuit is zero. In these cases the current lags or leads the 
applied voltage by 90° and component of applied voltage 
vector V along the current vector is zero (Fig.16.9 c and 
16.10 c). In A.C. circuit the phase difference between applied 
voltage V and the current /,. is 6 (Fig.16.11 b and 16.12 b). The 
component of V along current /_,, is V,,, cos®. Actually it is this 
component of voltage vector which is in phase with current. So 
the power dissipated in A.C. circuit 


P= Iie ® Ving COSE ee (16.17) 
The factor cos@ is known as power factor. 


Example 16.4: At what frequency will an inductor of 
1.0 H have a reactance of 500 0? 


Solution: | 
Be rete eee 
X_=ol=2nfL=5000 —— 


5009 5002 
f= OnLk  2nx1.0H =80Hz 
Example 16.5: An iron core coil of 2.0 H and 50 Qis placed 
in series with a resistance of 4509. An A.C. supply of 100 V, 
50 Hz is connected across the circuit. Find (i) the current 
flowing in the coil, (ii) phase angle between the current and _ 
voltage, 


Solution: 
Resistance =R=500+4500=5000 
Inductance =L=2,0H 
Supply voltage = V,_.=100V 
Frequency =f=50Hz 
The reactance =X, =ol=2nfL 

=2x3.14x50s"x2.0H=6280 

Impedance = Z = JR? + (@L)? 





A metal detector is used to locate 
burried metal objects 


= (500 0)? +(628 2)? = 8030 
Vins 100 V 
the = = ——— = 0.01245A=12.45mA 
Current J_. Z 8032 124 
eae 
Phase difference 6 = tan” | os ]} 


123 





pos | ee =51 5° 
tah” soon) - 


Example 16.6: Acircuit consists of a capacitor of 2 pF anda 
resistance of 1000 9 connected in series. An alternating 
voltage of 12 V and frequency 50 Hz is applied. Find (i) the 
current in the circuit, and (ii) the average power supplied. 
Solution: 

Resistance = R= 10000 

Capacitance = C=2F=2X10 °F 

Frequency =f=50 Hz 


Reactance = *c an fC 


See eee eee 
2x3.14x50s'°x2x10°F 


Impedance =Z=,R* +(X, i 
= (1000 2)? + (1592 2)? = 1880 © 


Guten aie ven 


= =0.0064 A=6.4mA 
Z£ 18809) 








x 15920), 
| fe §=tan? 2 =ta at =57 87° 
Phase Difference VR lao008 


Average power=V__.,/,n, Cos® 
=12Vx0.0064Ax0.532=0.04W 


Consider a R - L - C series circuit which is excited by an 
alternating voltage source whose frequency could be varied 
(Fig.16.13 a). The impedance diagram of the circuit is shown 
in Fig.16.13 (b). As explained earlier, the inductive reactance 
4 
X, = wl and capacitor reactance *c = ae are directed 
opposite to each other. When the frequency of A.C, source is 
4 
very small Xo = wc 'S much greater than X, = wL. So the 
capacitance dominates at low frequencies and the circuit 
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behaves like an R - C circuit. At high frequencies X, = mL is 


1 : 
much greater than X; oe In this case the inductance 
to 


dominates and the circuit behaves like R - L circuit. In 
between these frequencies there will be a frequency «, at 
which X, = X,. This condition is called resonance. Thus at 
resonance the inductive reactance being equal and opposite 
to capacitor reactance, cancel each other and the impedance 
diagram assumes the form (Fig.16.13 c). The value of the 
resonance frequency can be obtained by putting 


o,L =—— 
aC 
ra eo, 
or oO. = Lc OF Oo, = JLc 
a 16.18 
Or tf 2nVJLC odeuneeeee ( * ) 
The following are the properties of the series resonance. 
i) The resonance frequency is given by 
h=sS 
2nvLbLC 
ii) The impedance of the circuit at resonance is resistive 
so the current and voltage are in phase. The power 
factor is 1. 


iii) The impedance of the circuit is minimum at this 
frequency and itis equal to R. 

iv) If the amplitude of the source voltage V, is constant, 
the current is a maximum at the resonance frequency 
and its value is V,/ R. The variation of current with the 
frequency is shown in Fig. 16.14. 


v) At resonance V,, the voltage drop across inductance 
and V,. the voltage drop across capacitance may be 
much larger than the source voltage. 


Fig. 16.15 shows an L - C parallel circuit. It is excited by an 
alternating source of voltage whose frequency could be 
varied. The inductance coil L has a resistance r which is 
negligibly small. The capacitor draws a leading current, 
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a =n 
R 

7 | 
—— 
ae 

{b) 

R 

—_———— > 
(c) 
Fig. 16.13 


Cirrery| —————> 





frequency —————>- 


Fig. 16.14 


whereas the coil draws a lagging current. The circuit 
resonates at a frequency » =«, which makes x, = %, so that 
the two branch currents are equal but opposite Hence, they 
cancel out with the result that the current drawn from the 
supply is zero. In actual practice, the current is not zero but 
has a minimum value due to small resistance rof the coll 
Properties of parallel resonant circuits ate 





ar f= 
i) Resonance frequency is onl 
Fig. 16.15 il) At the resonance frequency, the circuit impedance is 
maximum. Itis resistive 
iii) At the resonance the current is minimum and it is in 
phase with the applied voltage. So the power factor is 
one. The variation of current with the frequency of the 
source is shown in Fig.16.16. 
iv) Atresonance, the branch currents /, and /.. may each 
t be larger than the source current /., 


“¥ 


or, 
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Fig. 16.16 
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We have already studied thatan A.C. generator consists of a 
coil with a pair of slip rings. As the coil rotates an alternating 
voltage is generated across the slip rings. In a three phase 
A.C. generator, instead of one coil, there are three coils 
inclined at 120° to each other, each connected to its own pair 
of slip rings. When this combination of three coils rotate in the 
magnetic field, each coil generates an alternating voltage 
across its own pair of slip rings. Thus, three alternating 
voltages are generated. The phase difference between these 
voltages is 120°. It means that when voltage across the first 
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pair of slip rings is zero, having a phase of 0, the voltage 
across the second pair of slip rings would not be zero but it 
will have a phase of 120°. Similarly at this instant the voltage 
generated across the third pair will have a phase 240°. Thisis 
shown in Fig. 16.17. The machine, instead of having six 
terminals, two for each pair of slip rings, has only four 
terminals because the starting point of all the three coils has a 
common junction which is often earthed to the shaft of the 
generator and the other three ends of the coils are connected 
to three separate terminals on the machine. These four 
terminals along with the lines and coils connected to them are 
shown in Fig.16.18. The voltage across each of lines 
connected to terminals A, B, C and the neutral line is 230 V. 
Because of 120° phase shift, the voltage across any two lines 
is about 400 V. The main advantage of having a three phase 
supply is that the total load of the house or a factory is divided 
in three parts, so that none of the line is over loaded. If heavy 
load consisting of a number of air conditioners and motors 
etc., is supplied power from a single phase supply, its voltage 
is likely to drop at full load. Moreover, the three phase supply 
also provides 400 V which can be used to operate some 
special appliances requiring 400 V for their operation. 





A coil and a capacitor are electrical components which 
together can produce oscillations of current, An L - C circuit 
behaves just like an oscillating mass - spring system. In this 
case energy oscillates between a capacitor and an inductor. 
The circuit is called an electrical oscillator. Two such 
oscillators A and B are used in the operation of a common 
type of metal detector (Fig.16.19). In the absence of any 
nearby 


Oscillator circuit 8 Oscillator crrouitA 











Fig. 16.19 
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Fig. 16.18 


metal object, the inductances L, and L, are the same and 
hence the resonance frequency of the two circuits is also 
same. When the inductor B, called the search coil comes 
near a metal object, its inductance L, decreases and 
corresponding oscillator frequency increases and thus a 
beat note is heard in the attached speaker. Such detectors 
are extensively used not only for various security checks but 


also to locate buried metal =e 
| 


itis a coil which consists of thick copper wire wound closely in 
a large number of turns over a soft iron laminated cores. This 
makes the inductance L of the coil quite large whereas its 
resistance Ris very small. Thus it consumes extremely small 
power, Itis used in A.C. circuits to limit current with extremely 
small wastage of energy as compared to a resistance or a 
rheostat. — 








It is a very important class of waves which requires no 
medium for transmission and which rapidly propagates 
through vacuum. 


In 1864 British physicist James Clark Maxwell formulated a 
set of equations known as Maxwell's equations which 
explained the various electromagnetic phenomena. 
According to these equations, a changing magnetic flux 
creates an electric field and a changing electric flux creates a 

; magnetic field. Consider a region of space AB as shown in 
Fig 16.20 Fig.16.20. Suppose a change of magnetic flux is taking place 
through it. This changing magnetic flux will set up a changing 
electric flux in the surrounding region. The creation of electric 
field in the region CD will cause a change of electric flux 
through it due to which a magnetic field would be set up in the 
space surrounding CD and so on. Thus each field generates 
the other and the whole package of electric and magnetic 
fields will move along propelling itself through space. Such 
moving electric and magnetic fields are known as 
electromagnetic waves. The electric field, magnetic field and 
the direction of their propagation are mutually orthogonal 
(Fig.16.21). It can be seen in this figure that the 
electromagnetic waves are periodic, hence they have a - 
wavelength 2 which is given by the relationc =f? where fis 
the frequency and c is the speed of the wave. In free space 
the speed of electromagnetic waves is 3 x 10° ms. 
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Propagation 


Fig. 16.24 


Depending upon the values of wavelength and frequency, 
the electromagnetic waves have been classified into different 
types of waves as radiowaves, microwaves, infrared rays, 
visible light etc. Fig.16.22 shows the complete spectrum of 


LY a iF | oy i | 40° 10" 
10 10 10 38 Frog oncy (Hoe) 10 1 test 
io" 10° 10° 17 107 70° 1. 4G" to” 40") = ag" 
Wavelength (mires) 
See aee er oiegmeesingwavelengir 
Fig. 16.22 


Electromagnetic waves from the low radio waves to high 
frequency gamma rays. 





We have seen that electromagnetic waves are generated 
when electric or magnetic flux is changing through a certain 
region of space. An electric charge at rest gives rise to a 
Coulomb's field which does:not radiate in Space because no 
change of flux takes place in this type of field. & charge 
moving with constant velocity is equivalent to a steady 
current which generates a constant magnetic field in the 
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Fig. 16.24 


surrounding space, but such a field also does not radiate out 
because no changes of magnetic flux are involved. Thus only 
chance to generate a wave of moving field Is when we 
accelerate the electrical charges. 


A radio transmitting antenna provides a good example of 
generating electromagnetic waves by acceleration of 


_ charges. The piece of wire along which charges are made to 


accelerate is known as transmitting antenna (Fig.16.23). Itis 
charged by an alternating source of potential of frequency f 
and time period T. As the charging potential alternates, the 
charge on the antenna also constantly reverses. For 
example if the top has + q charges at any instant, then after 
time T/ 2 the charge on it will be - g. Such regular reversal of 
charges on the antenna gives rise to an electric flux that 
constantly changes with frequency f. This changing electric 
flux sets up an electromagnetic wave which propagates out 
in space away from the antenna. The frequency with which 
the fields alternate is always equal to the frequency of the 
source generating them. These electromagnetic waves 
which are propagated out in space from antenna of a 
transmitter are known as radio waves. In free space these 
waves travel with the speed of light. 


Suppose these waves impinge on a piece of wire (Fig.16.24). 


.. The electrons in the wire move under the action of the 


oscillating electric field which give rise to an alternating 


_ voltage across the wire. The frequency of this voltage Is the 


same as that of the wave intercepting the wire. This wire 
receiving the wave is known as receiving antenna. As the 
electric field of the wave Is very weak at a distance of many 
kilometres from the transmitter, the voltage that appears 
across the receiving antenna is very small. Each transmitter 
propagates radio waves of one particular frequency. So 
when a number of transmitting stations operate 
simultaneously, we have a number of radio waves of different 
frequencies in the space. Thus the voltage that appears 
across a receiving antenna placed in space is usually due to 
the radio waves of large number of frequencies. The voltage 
of one particular frequency can be picked up by connecting 
an inductance L and a variable capacitor C in parallel with 
one end of the receiving antenna (Fig.16.24). 


if one adjusts the value of the capacitor so that the natural 
frequency of L - C circuit is the same as that of the 
transmitting station to be picked up, the circuit will resonate 
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under the driving action of the antenna. Consequently, the 
L - C circuit will build up a large response to the action of only 
that radio wave to which itis tuned. In your radio receiver set 
when you change stations you actually adjust the value of C. 


Speech and music etc. are transmitted hundred of kilometres 
away by a radio transmitter. The scene in front of a television 
camera is also sent many kilometres away to viewers. In all 
these uses, the carrier of the programme is a high frequency 


radio wave. The information i.e., light, sound or other data is ......, 








impressed on the radio wave and is carried along with it to the ) carer waves 


destination. 


Modulation is the process of combining the low frequency 
signal with a high frequency radio wave called carrier wave. 
The resultant wave is called modulated carrier wave. The low 
frequency signal is known as modulation signal. Modulation 
is achieved by changing the amplitude or the frequency of the 
carrier wave in accordance with the modulating signal. Thus 
we have two types of modulations which are 


4. Amplitude modulation (A.M), 2. Frequency modulation (F.M) 


Amplitude Modulation | 





‘In this type of modulation the amplitude of the carrier wave is 
increased or diminished as the amplitude of the superposing 
modulating signal increases and decreases, 


Fig.16.25 (a) represents a high frequency carrier wave of 
constant amplitude and frequency. Fig.16.25(b) represents a 
low or audio frequency signal of a sine waveform. 
Fig.16.25 (c) shows the result obtained by modulating 
thecarrier waves with the modulating wave. The A.M. 
transmissicn frequencies range from 540 kHz to 1600 kHz. 






| Frequency Modulation 


In this type of modulation the frequency of the carrier wave is 
increased or diminished as the modulating signal. amplitude 
increases or decreases but the carrier wave amplitude remains 
constant. Fig.16.26 shows frequency modulation. The 
frequency of the modulated carrier wave is highest (point H) 
when the signal amplitude is at its maximum positive value and 
is at its lowest frequency (point L) when signal amplitude has 
maximum negative. When the signal amplitude is zero, the 
carier frequency is at its normal frequency f,. 
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Amplitude: modulation 


(a) camer wave 


(b) audio signal 


(C) amplitude modulated wave 
Fig. 16.25 


carrier wave 


(b) f\ EN 


midin . 
f HAH ft sen f, Hf 
(c) 


frequency modulated wave 
Fig. 16.26 


16.1 


The F.M. transmission frequencies are much higher and ranges 
between 88 MHz to 108 MHz. F.M. radio waves are affected 
less by electrical interference than A.M. radio waves and hence, 
provide a higher quality transmission of sound. However, they 
have a shorter range than A.M. waves and are less able to 
travel around obstacles such as hills and large buildings. 
SUNIVIAR 

Alternating current is that which is produced by a voltage source whose pole 
keeps on reversing with time. 


The time interval during which the voltage source changes its polarity.once is known 
as period T of the alternating current or voltage. 


The value of voltage or current that exists in a circuit at any instant of time measured 
from some reference point is known as its instantaneous value. 


The highest value reached by the voltage or current in one cycle is called the peak 
value of the voltage or current. 


The sum of positive and negative peak values is called peak to peak value and is 
written as p-p value. 

The root mean square value (rms) is the square root of the average value of V“or/”. 
The angle 8 which specifies the instantaneous value of the alternating voltage or 
current, gives the phase lag or phase lead of one quantity over the other. 


An inductor is usually in the form of a coil or a solenoid wound from a thick wire so 
that ithas a large value of self inductance and has negligible resistance. 


The combined effect of resistance and reactance in a circuit is known as impedance 
and is denoted by 7. 


Choke is a coil which consists of thick copper wire wound closely in a large number 
of turns over a softiron laminated core. 


Electromagnetic waves are those which require no medium for transmission and 
rapidly propagate through vacuum. 


Modulation is the process of combining the low frequency signal with a high 
frequency radio wave, called carrier waves. The resultant wave ts called modulated 
carrier wave. 


ee — a] 
PA iceTinKke 
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Asinusoidal current has rms value of 10A. Whatis the maximum or peak value? 
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16.3 


16.4 


16.5 


16.6 


16.8 


16.9 
16.10 


16.1 


16.2 


16.3 


16.4 


16.5 


16.6 


Name the device that will (a) permit flow of direct current but oppose the flow of 
alternating current() permit flow of alternating current but not the direct current. 
How many times per second will an incandescent lamp reach maximum brilliance 
when connected to a 50 Hz source? 

A circuit contains an iron-cored inductor, a switch and a D.C. source arranged in 
series. The switch is closed and after an interval reopened. Explain why a spark 
jumps across the switch contacts? 

How does doubling the frequency affect the reactance of (a) an inductor 
(b) a capacitor? 

In a R- L circuit, will the current lag or lead the voltage? Illustrate your answer 
by a vector diagram. 

Achoke coil placed in series with an electric lamp in an A.C. circuit causes the lamp to 
become dim. Why is it so? A variable capacitor added in series in this circuit may be 
adjusted until the lamp glows with normal brilliance. Explain, how this is possible? 
Explain the conditions under which electromagnetic waves are produced from a 
source? 


How the reception of a particular radio station is selected on your radio set? 
Whatis meant by A.M. and F.M.? 





An alternating current is represented by the equation /= 20 sin100 xt. Compute its 
frequency and the maximum and rms values of current. (Ans: 50 Hz, 20A, 14A) 


Asinusoidal A.C. has a maximum value of 15.4. What are its rms values? If the time 
is recorded from the instant the current is zero and is becoming positive, what is the 
instantaneous value of the current after 1 / 300 s, given the freq uency is 50 Hz. 

(Ans: /,,.=10.6 A, Instantaneous current = 13.0 A) 


Find the value of the current and inductive reactance when A.C. voltage of 220 V at 
50 Hzis passed through an inductor of 10H. (Ans: /,,=0.07A, X, =31400) 


A circuit has an inductance of 1/n H and resistance of 2000 0. A 50 Hz A.C, is 
supplied to it. Calculate the reactance and impedance offered by the circuit. 
(Ans: X, = 100 Q, Z = 2002.5 Q) 


An inductor of pure inductance 3/z H is connected in series with a resistance of 40 0. 
Find(|) the peak value of the current(ii) the rms value, and (iii) the phase difference 
between the current and the applied voltage V= 350 sin(100r 2). 

(Ans: (i) 1.16 A, (ii) 0.81 A, (iii) 82.4°) 


A 10 mH, 20 © coil is connected across 240 V and 180 /m Hz source. How much 
power does it dissipate? (Ans: 2778 W) 
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46.7 Find the value of the current flowing through a capacitance 0.5 .F when connected 
toa source of 150 V at 50 Hz. (Ans: [= 0.024A) 


16.8 Analternating source of emf 12 V and frequency 50 Hz is applied to a capacitor of 
capacitance 3 uF in series with a resistor of resistance 1k Q. Calculate the phase 
angle. . (Ans: 46.7") 


46.9 Whatis the resonant frequency of a circuit which includes a coil of inductance 2.5 H 
anda capacitance 40 uF? (Ans: 15.9 Hz) 


46.10 An inductor of inductance 150 wH is connected in parallel with a variable capacitor 
whose capacitance can be changed from 500 pF to 20 pF. Calculate the maximum 
frequency and minimum frequency for which the circuit can be tuned, 

(Ans: 2.91 MHz, 0.58 MHz) 
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ecurrirp | 7/7 
_ PHYSICSOF SOLIDS. 


Learning Objectives 

Atthe end of this chapter the students will be able to: 

1. reife eset between the structure of crystalline, glassy, amorphous and polymeric 
solids. 

Understand the idea of lattice. 


Appreciate that deformation is caused by a force and that, in one dimension, the 
deformation can be tensile or compressive. 


Define and use the terms Young's modulus, bulk modulus and shear modulus. 
Describe an experiment to determine elastic limit and yield strength. 
Distinguish between elastic and plastic deformation of a material. 


Synthesize and deduce the strain energy in a deformed material from the area under 
the force extension graph. =: 


8. Describe the energy bands in solids. 

g: Classify insulators, conductors, semi-conductors on the basis of energy bands. 
10. Distinguish between intrinsic and extrinsic semiconductors. 

11. Explain how electrons and holes flow across a junction. 

12. Describe superconductors. 

13. Distinguish between dia, para and ferro magnetic materials. 

14. Understand and describe the concept of magnetic domains in a material. 

15. Know the Curie point. 

16. Classify hard and soft ferro magnetic substances. 

17. Understand hysteresis and hysteresis loss. 


Sn St et Ser ae 


= have specific uses depending upon their characteristics and properties, such 
as hardness, ductility, malleability, conductivity etc. What makes steel hard, lead soft, iron 
magnetic and copper electrically conducting? It depends upon the structure -- the particular 
order and bonding of atoms in a material. This clue has made it possible to design and 
create materials with new and unusual properties for use in modern technology. 





Crystalline Solids 


In crystalline solids there is a regular arrangement of molecules. The neighbours of every 
molecule are arranged in a regular pattern that is constant throughout the crystal. There is, 
thus an ordered structure in crystalline solids. 
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For Your (ntormation 


For Your Information 





| The vast majority of solids, e.g., metals such as copper, iron 


and zinc, ionic compounds such as sodium chloride, 
ceramics such as zirconia are crystalline. The arrangement 
of molecules, atoms or ions within all types of crystalline 
solids can be studied using various X-ray techniques. It 
should be noted that atoms, molecules or ions ina crystalline 
solid are not static. For example, each atom in a metal crystal 
vibrates about a fixed point with an amplitude that increases 
with rise in temperature. It is the average atomic positions 
which are perfectly ordered over large distances. 


The cohesive forces between atoms, molecules or ions in 
crystalline solids maintain the strict long-range order inspite 
of atomic vibrations. For every crystal, however, there is a 
temperature at which the vibrations become so great that the 
structure suddenly breaks up, and the solid melts. The 
transition from solid (order) to liquid (disorder) is, therefore, 
abrupt or discontinuous. Every crystalline solid has a definite 
melting point. 





Amorphous or Glassy Solids 


_ The word amorphous means without form or structure. Thus 


in amorphous solids there is no regular arrangement of 
molecules like that in crystalline solids. We can, therefore, 
say that amorphous solids are more like liquids with the 
disordered structure frozen in. 


For example ordinary glass, which is a solid at ordinary 
temperature, has no regular arrangement of molecules. On 
heating, it gradually softens into a paste like state before it 
becomes a very viscous liquid at almost 800°C. Thus 
amorphous solids are also called glassy solids. This type of 
solids have no definite melting point. 


Poly meric Solids 


Polymers may be said to be more or less solid materials with 
a structure that is intermediate between order and disorder. 
They can be classified as partially or poorly crystalline solids. 


Polymers form a large group of naturally occurring and 
synthetic materials. Plastics and synthetic rubbers are termed 
‘Ploymers' because they are formed by polymerization 
reactions in which relatively simple molecules are chemically 
combined into massive long chain molecules, or "three 
dimensional" structures. These materials have rather low 
specific gravity compared with even the lightest of metals, and 
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yet exhibit good strength-to-weight ratio. 


Polymers consist wholly or in part of chemical combinations of 
carbon with oxygen, hydrogen, nitrogen and other metallic or 
non-metallic elements. Polythene, polystrene and nylon etc., 
are examples of polymers. Natural rubber is composed in the 
pure state entirely of a hydrocarbon with the formula (C.H,), . 


Crystal Lattice 


A crystalline solid consists of three dimensional pattern that 
repeats itself over and over again. This smallest three 
dimensional basic structure is called unit cell. The whole 
structure obtained by the repetition of unit cell is known as 
crystal lattice. For example, the pattern of NaCl particles 
have a cube shape. The cube shape of the sodium chloride is 
just one of several crystal shapes. In a cubic crystal all the 
sides meet at right angles. Other crystal shapes have corners 
in which one or more of the angles are not right angles. 





Deformationin Solids 





If we hold a soft rubber ball in our hand and then squeeze it, 
the shape or volume of the ball will change. However, if we (a) 
stop squeezing the ball, and open our hand, the bail will 
return to its original spherical shape. This has been illustrated 
schematically in Fig.17.1. 





Similarly, if we hold two ends of a rubber string in our hands, 
and move our hands apart to some extent, the length of the 
string will increase under the action of the applied force 
exerted by our hands. Greater the applied force larger will be 
the increase in length. Now on removing the applied force, 
the string will return to its original length. From these 
examples, it is concluded that deformation (i.e., change in 
shape, length or volume) is produced when a body is 
subjected to some external force. 





In crystalline solids atoms are usually arranged in a certain 
order. These atorns are held about their equilibrium position, m= 
which depends on the strength of the inter-atomic cohesive 
force between them. When external force is applied on such 
a body, a distortion results because of the displacement of 
the atoms from their equilibrium position and the body is said 
to be in a state of stress. After the removal of external force, 
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Fig. 17.2 


the atoms return to their equilibrium position, and the body 
regains its original shape, provided that external applied 
force was not too great. The ability of the body to return to its 
original shape is called elasticity. Fig.17.2 illustrates 
deformation produced in a unit cell of a crystal subjected to 
an external applied force. 


Stress and Strain 


The results of mechanical tests are usually expressed in 
terms of stress and strain, which are defined in terms of 
applied force and deformation. 


Stress 


It is defined as the force applied on unit area to produce any 
change in the shape, volume or length of a body. 
Mathematically itis expressed as 


= 
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The SI unit of stress (o) is newton per square metre (Nm”), 
which is given the name pascal (Pa). 

Stress may cause a change in length, volume and shape. 
When a stress changes length, it is called the tensile stress, 
when it changes the volume itis called the volume stress and 
when it changes the shape itis called the shear stress. 


Strain is a measure of the deformation of a solid when stress 
is applied to it. In the case of deformation in one dimension, 
strain is defined as the fractional change in length. If A¢is the 
change in length and Zis the original length (Fig. 1 7.3 a), then 
strain is given by 


as, 









3; = i = ae 


Since strain is ratio of lengths, it is dimensionless, and 
therefore, has no units. If strain eis due to tensile stress o, itis 


called tensile strain, and if it is produced as a result of 


compressive stress 9, itis termed as compressive strain. 


In case when the applied stress changes the volume, the 
change in volume per unit volume is known as volumetric 
strain (Fig. 17.3). Thus 
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Volumetric strain = ~ 


0 
Now referring to Fig. 17.3 (c), when the opposite faces of a 
rigid cube are subjected to shear stress , the shear strain 
produced is given by 





However, for small values of angle 6, measured in radian, 
tan6@=6, sothat 





rien have revealed that the ratio of stress to strain is 
a constant for a given material, provided the external applied 
force is not too great. This ratio is called modulus of elasticity, 
and canbe Uisiliecn Baas as 





Since aiei ie a cimrae ead quently: the units of aos 
of elasticity are the same as those of stress, i.e., Nm“ or Pa. 


In the case of linear deformation, the ratio of tensile (or | 
compressive) stress o (= F/ A) to tensile (or compressive) 







ile a) ae 





strain at At/Lis called Youn, 





For three dimensional deformation, when volume is involved : ove 
then the ratio of applied stress to volumetric strain is called Cubic system — Triclinic system 
Bulk modulus. — So sates 












where AV is the change in original volume V. 


However, when the shear stress t=( F/A) and shear strain 
(= tan 8) are involved, then their ratio is called shear modulus. 





Trigonal §=Ahombic Monoclinic 
system system system 
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Elastic constants for some of the materials are given in 
Tani 17.1. 


ilar Aa 


Ac Wit Strength 


In a tensile test, metal wire is extended at a : specified 
deformation rate, and stresses generated in the wire during 
deformation are continuously measured by a suitable 
electronic device fitted in the mechanical testing machine. 
Force-elongation diagram or stress-strain curve is plotted 
) | automatically on X-Y chart recorder. A typical stress-strain 
) | Curve fora ductile material is shown in Fig. 17.4. 


In the initial stage of deformation, stress is increased linearly 
with the strain till we reach point A on the stress-strain curve, 
This is called proportional limit (0,). It is defined as the 
greatest stress that a material can endure without losing 
straight line proportionality between .stress and_ strain. 
Hooke's law which states that the strain is directly 
proportional to stress is obeyed in the region OA, From A to 
| 6, stress and strain are not proportional, but nevertheless, if 
| the load is removed at any point between O and B, the curve 

| will be retraced and the material will return to its original 
_| length. In the region OB, the material is said to be elastic. The 
point B is called the yield point. The value of stress at B is 
known as elastic limit o,. lf the stress is increased beyond the 
yield stress or elastic limit of the material, the specimen 
becomes permanently changed and does not recover its 
original shape or dimension after the stress is removed. This 
kind of behaviour is called plasticity. 





The region of plasticity is represented by the portion of the 
curve from B to C, the point C in Fig. 17.4 represents the 
ultimate tensile strength (UTS) o,, of the material. The UTS is 
B ie defined as the maximum stress that a material can withstand, 

, Bis} and can be regarded as the nominal strength of the material, 
Once point C corresponding to UTS is crossed, the material 
breaks at point D, responding the fracture stress (0). 


_ Substances which undergo plastic deformation until they 





‘perain fe] break, are known as ductile substances. Lead, copper and 
WigAT a Nea aiGaS Site BELL wrought iron are ductile. Other substances which break just 
ipical: ductie materal  S~SCter the elastic limit is reached, are known as brittle 


substances. Glass and high carbon steel are brittle. 
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to a log and is then pulled by tractor. The length of steel wire 
between the log and the tractor is 11 m.A force of 10,000 N is 

required to pull the log. Calculate (a) the stress in the wire and 
(b) the strain in the wire. (c) How much does the wire stretch 
when the logis pulled’? (E = 200 x 10’ Nm*) 


Solution: 


Gees oe = EN 


= 88.46 x 10°Nm“=88.46 MPa 


AF 

(b) The tensile strain e 7 
Stress 988.46x10° Nm , 
3o/6COlUC«CiéE= = = 90 10" Nm 
NES ‘Strain Strain ae ip 
88.46 «10° Nm= 
Strain = ————~______ = 4.410 
"= 500x109 Nm 


Ag 
(c) | Nowusing the relation Strain =| - weget 
At =4.4x10°x 11 m=4.84x 10°m=4.84mm 


Energy in Deformed Materials 





Strain 





For Your information 








Consider a wire suspended vertically from one end. It is heey beter ae 


stretched by attaching a weight at the other end. We can |= ~ 


increase the stretching force by increasing the weight. By 
noting the extension £ of the wire for different values of the 
stretching force F, a graph can be drawn between the force F 
and the extension £ (Fig.17.5). If the elastic limit is not 
exceeded, the extension is directly proportional to force F. As 
the force F stretches the wire, it does some amount of work 
on wire which is equal to product of force F and the extension 
£. Suppose we are required to find the amount of the work 
done when the extension is 4,. Let the force for this extension 
be F,. Fig. 17.5 shows that the force F does not remain 
constant in producing the extension 4,, it varies uniformly 
from 0 to F,. In such a:situation the work is calculated by 
graphical method. 


Suppose at some stage before the extension 4, is reached, 

the force in the wire is F and that the wire now extends by a 
very small amount Ax. The extension Ax is so small that the 
force F may be assumed constant in Ax, so the work done in 
producing this small extension is Fx Ax. Inthe figure it can be 
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Energy in stretched wire 
Fig. 17.5 
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seen that it is represented by the area of the shaded strip. In | 
this way the total extension 4, can be divided into very small 
extensions and the work done during each of these small 
extensions would be given by the area of the strips (Fig. 17.5). 
So the total work done in producing the extension 4£,is the sum 
area of all these strips which is equal to area between the 
graph and the axis on which extension has been plotted upto 
4=1,. In this case it equals to area of the triangle OAB. 


Work done = Area of AOAB 








1 
=5 OAxAB 


This is the amount of energy stored in the wire. Itis the gain in 
the potential energy of the molecules due to their 
displacement from their mean positions. Eq.17.9 gives the 
energy in joules when Fis innewton and £ in metres. 


Eq.17.9 can also be expressed in terms of modulus of 
elasticity E. If Ais the area of cross-section of the wire and L 
its total length then 





E= a "4 L 
b 4 
EAx? 
or fas : 
Substituting the value of F, inEq.17.9 we have 
hedeee oa Se 





2 Nee cpa 
The area method is quite a general one. For example if the 
extension is increased from 4, to 4,, the amount of work done 
by the stretching force would be given by the area of the 
trapezium ABCD (Fig.17.5). It is also valid for both the linear 
(elastic) and the non-linear (non-elastic) parts of the force- 
extension graph. If the extension occurs from O to G 
(Fig.17.5), this work done would be the area of OHG. 


= =~ oe” e 
i pe | Me — eee og if Be | i 
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The fundamental electrical property of a solid is its response 
to an applied electric field, i.e., its ability to conduct electric 
current. The electrical behaviours of various materials are 
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diverse. Some are very good conductors, e.g., metals with 
conductivities of the order of 10’ (Qm)'. At the other extreme, 
some solids, e.g., wood, diamond etc., have very low 
conductivities ranging between 10°” and 10” (Qm)', these 
are called insulators. Solids with intermediate conductivities, 
generally from 10° to 10° (Qm)', are termed semiconductors, 
é.g., silicon, germanium etc. The conventional free electron 
theory based on Bohr model of electron distribution in an 


atom failed to explain completely the vast diversity in the Glass is also known « 


electrical behaviour of these three types of materials. 





mechanical model has been found successful in resolving 
the problem. 


Energy Band Theory 


Electrons of an isolated atom are bound to the nucleus, and 
can only have distinct energy levels. However, when a large 
number of atoms, say N, are brought close to one another to 
forma solid, each energy level of the isolated atom splits into 
N sub-levels, called states, under the action of the forces 
exerted by other atoms in the solid. These permissible 
energy states are discrete but so closely spaced that they 
appear to form a continuous energy band. In between two 
consecutive permissible energy bands, there is a range of 
energy states which cannot be occupied by electrons. These 
are called forbidden energy states, and its range is termed as 
forbidden energy gap. 


The electrons in the outermost shell of an atom are called 
valence electrons and the energy band occupying these 
electrons is known as valence band. It is obviously the 
highest occupied band. It may be either completely filled or 
partially filled with electrons and can never be empty. The 
band above the valence band is called conduction band. In 
conduction band, electrons move freely and conduct electric 
current through solids. That is why the electrons occupying 
this band are known as conductive electrons or free 
electrons. Any electron leaving the valence band is 
accommodated by this band. It may be either empty or 
partially filled with electrons. The bands below the valence 
band are normally completely filled and as such play no part 
in the conduction process. Thus, while discussing the 
electrical conductivity we will consider only the valence and 
conduction bands. 
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Conduction 
Band 







Valence 
Band 


Fig. 17.7 


| da narrow forbidden energy gap 








Insulators are those materials in which 
valence electrons are bound very tightly to their atoms and 
are not free. In terms of energy bands, it means that an 
insulator, as shown in Fig.17.6 has 


a) an empty conduction band (no free electrons) 
b) a full valence band 
Cc) a large energy gap (several eV) between them 





Conductors are those which have plenty of 
free electrons for electrical conduction. In terms of energy 
bands, conductors are those materials in which valence and 
conduction bands largely overlap each other (Fig.17.7). 
There is no physical distinction between the two bands which 
ensures the availability of a large number of free electrons. 

: conductors: In terms of energy bands, 
re those materials which at room 





semiconductors a 
temperature have 
(i) partially filled conduction band (ii) partially filled valence band 
(iii) a very narrow forbidden energy gap (of the order of 1 eV) 
between the conduction and valence bands (Fig.17.8). 


At 0 K, there are no electrons in the conduction band and 
their valence band are completely filled. It means at 0 K, a 
piece of Ge or Si is a perfect insulator. However, with 
increase in temperature, some electrons posses sufficient 
energy to jump across the small energy gap from valence to 
conduction band. This transfers some free electrons in the 
conduction bands and creates some vacancies of electrons 
in the valence band. The vacancy of electron in the valence 
band is known as a hole. It behaves like a positive charge. 
Thus at room temperature, Ge or Si crystal becomes a 
semiconductor. 





ntrinsic. and Extrinsic Semeconductor 


A semi-conductor in its extremely pure form is known as 
intrinsic semi-conductor. The electrical behaviour of 
semiconductor is extremely sensitive to the purity of the 
material. It is substantially changed on introducing a small 
amount of impurity into the pure semi-conductor lattice. The 
process is called doping, in which a small number of atoms of 
some other suitable elements are added as impurity in the 
ratio of 1 to 10°. The doped semi-conducting materials are 
called extrinsic semi-conductors. 


Pure element of silicon and germanium are intrinsic 
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semi-conductors. These semi-conductor elements have 
atoms with four valence electrons. In solid crystalline form, 
the atoms of these elements arrange themselves in such a 
pattern that each atom has four equidistant neighbours. 
Fig.17.9 shows this pattern along with its valence electrons. 
Each atom with its four valence electrons, shares an electron 
from its neighbours. This effectively allocates eight electrons 
in the outermost shell of each atom which is a stable state. 
This sharing of electrons between two atoms creates 
covalent bonds. Due to these covalent bonds electrons are 
bound in their respective shells. 





When a silicon crystal is doped with a pentavalent element, impurity atom Free Electron 
@.g., arsenic, antimony or phosphorous etc., four valence 

electrons of the impurity atom form covalent bond with the (a) 

four neighbouring Si atoms, while the fifth valence electron 
provides a free electron in the crystal. Such a doped or 
extrinsic semi-conductor is called n-type semi-conductor. 
Fig. 17.10(a) illustrates silicon crystal lattice doped with a 
pentavalent impurity such as phosphorous. The 
phosphorous atom is called a donor atom because it readily 
donates a free electron, which is thermally excited into the 
conduction band. 


On the other hand, when a silicon crystal is doped with a 
trivalent element, e.g., aluminium, boron, gallium or indium 





etc., three valence electrons of the impurity atom form (b) 
covalent bond with the three neighbouring Si atoms, while 
the one missing electron in the covalent bond with the fourth Fig. 17.10 


neighbouring Si atom, is called a hole which in fact is vacancy 
where an electron can be accommodated. Such a semi- 
conductor is called p-type semi-conductor. Fig. 17.10 (b) 
illustrates silicon crystal lattice doped with aluminium. The 
aluminium atom is called an acceptor atom because it is easy 
for the aluminium ion core to accept a valence electron froma 
nearby silicon atom, thus creating a hole in the valence bond. 






Electrical Conduction by Electrons and Holes in 
Releuilietedareltreace a 





Consider a semi-conductor crystal lattice, e.g., Ge or Si as oe ete 


shown in Fig. 17.11. The circles represent the positiveion °3:@ °*@: 
cores of Si or Ge atoms, and the blue dots are valence ee ef ee 
electrons. These electrons are bound by covalent bond. 

However, at room temperature they have thermal kinetic Fig. 17.11 


motion which, in case of some electrons, is so vigorous that 
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Fig. 17.14 


the covalent bond is unable to keep them bound. In such 
cases the electrons break the covalent bond and get 
themselves free leaving a vacant seat for an electron, i.¢., a 
hole. Thus whenever a covalent bond is broken, an electron- 
hole pair is created. Both the electrons and the holes move in 
the semi-conductor crystal lattice as explained below. 


Consider a row of Si atoms in crystal lattice. Suppose a hole 
is present in the valence shell of atom A. As hole is a 
deficiency of electron, so the core of atom Awould have a net 
positive charge (Fig.17.12 a). This attracts an electron froma 
neighbouring atom say B. Thus the electron moves from B to 
Aand the hole (+ve charge) shifts to B (Fig. 17.12 a,b). Now 
an electron is attracted from C to B and a hole is created atC 
(Fig. 17.12 b,c) and positive charge appears at C. This 
process is repeated between the atoms C and D with the 
result that the electron moves from D to C and the hole 
(+ve charge) appears at D (Fig. 17.12 c,d) . Thus we notice 
that if a hole is present in any valence shell, it cannot stay 
there but it moves from one atom to other with the electron 
moving in opposite direction. Secondly we notice that the 
appearance of hole is accompanied by a positive charge. 
Thus a moving hole is equivalent to a moving positive charge. 


In this example we have considered a special case in which 
the electron and the hole are moving in a straight line. 
Actually their motion is random because positively charged 
core of the atom can attract an electron from any of its 
neighbouring atoms. 


Thus, in semi-conductors there are two kinds of charge 
carriers; a free electron (-e) and a hole (+ e). 


When a battery is connected to a semi-conductor, it 
establishes an electric field across it due to which a directed 
flow of electrons and holes takes place. The electrons drift 
towards the positive end, whereas the holes drift towards the 
negative end of the semi-conductor (Fig.17.13). The current / 
flowing through the semi-conductor is carried by both 
electrons and holes. It may be noted that the electronic current 
and the hole current add up together to give the current /. 


There-are some materials whose resistivity becomes zero 
below a certain temperature T_ called critical temperature as 
shown in resistivity-temperature graph in Fig. 17.14. Below 
this temperature, such materials are called superconductors. 
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They offer no resistance to electric current and are, therefore, 
perfect conductors. Once the resistance of a material drops 
to zero, no energy is dissipated and the current, once 
established, continues to exist indefinitely without the source 
ofanemf. 


The first superconductor was discovered in 1911 by 
Kmaerlingh Ornes when it was observed that electrical 
resistance of mercury disappears suddenly as the 
temperature is reduced below 4.2 K. Some other metals such 
as aluminium (7.=1.18 K), tin (7,= 3.72 K), and lead (7,=7.2 K) 
also become superconductors at very low temperatures. In 
1986 a new class of ceramic materials was discovered that 
becomes superconductor at temperatures as high as 125 K. 
Any superconductor with a critical temperature above 77 K, 
the boiling point of liquid nitrogen, is referred as a high 
temperature superconductor. 


Recently a complex crystalline structure known as 
Yttrium barium copper oxide (YBa,Cu,. O,) have been 
reported to become superconductor at 163 K or -110 °C by 
Prof, Yao Lian's Lee at Cambridge University, Perhaps one 
day even room temperature superconductor will be 
developed and that day will be a new revolution in electrical 
technologies. Superconductors have many technological 
applications such as in magnetic resonance imaging (MRI), 
magnetic levitation trains, powerful but small electric motors 
and faster computer chips. 

From the study of the magnetic fields produced by bar 
magnets and moving charges, |.e., currents, itis possible to 
trace the origin of the magnetic properties of the material. Itis 
observed that the field of a long bar magnet is like the field 
produced by a long solenoid carrying current and the field of 
a short bar magnet resembles that of a single loop 
(Fig.17.15). This similarity between the fields produced by 
magnets and currents urges an enquiring mind to think that 
all magnetic effects may be due to circulating currents (i.e., 
moving charges); a view first held by Ampere. The idea was 
not considered very favourably in Ampere's time because the 
structure of atom was not Known at that time. Taking into 
consideration, the internal structure of atom, discovered 
thereafter, the Ampere's view appears to be basically correct. 


The magnetism produced by electrons within an atom can 
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Do You Know? 





Super conductors are alloys that, at 
certain temperatures, conduct 
electricity with no resistance. 


For Your Information 





Magnetic Resonance imaging (MRI) 
uses strong magnetic field produced 
by super conducting materials for 
scanning computer processing 
produces the image identifying 
tumors and inflamed tissues. 





Long Bar magnet 


(a) 


Fig.17.15 


arise from two motions. First, each electron orbiting the 
— Pa nucleus behaves like an atomic sized loop of current that 
generates a small magnetic field; this situation is similar to the 
field created by the current loop in Fig.17.15 (d). Secondly 
each electron possesses a spin that also gives rise to a 
magnetic field. The met magnetic field created by tie 
electrons within an atom is due to the combined field created 
by their orbital and spin motions. Since there are a number of 
electrons in an atom, their currents or spins may be so 
oriented or aligned as to cancel the magnetic effects mutuaily 
or strengthen the effects of each other. An atom in which there 
is aresultant magnetic field, behaves like a tiny magnet and is 
called a magnetic dipole. The magnetic fields of the atoms are 
responsible for. the magnetic behaviour of the substance 
made up of these atoms. Magnetism is, therefore, due to the 
spin and orbital motion of the electrons surrounding the 
nucleus and is thus a property of all substances. It may be 
mentioned that the charged nucleus itself spins giving rise to 
a magnetic field. However, it is much weaker than that of the 
orbital electrons. Thus the source of magnetism of an atom is 
the electrons. Accepting this view of magnetism if Is 
concluded that it is impossible to obtain an isolated north 
pole. The north-pole is merely one side of a current loop. The 
other side will always be present as a south pole and these 
cannot be separated. This is an experimental reality. 





Magnet field ofacurrentloop | Two cases arise which have to be distinguished. In the first 

Fig. 17.15 case, the orbits and the spin axes of the electrons in an atom 
are so oriented that their fields support each other and the 
atom behaves like a tiny magnet. Substances with such 
atoms are called paramagnetic substances. In second type 
of atoms there is no resultant field as the magnetic fields 
produced by both orbital and spin motions of the electrons 
might add upto zero. These are called diamagnetic 
substances, for example the atoms of water, copper, bismuth 
and antimony. 


However, there are some solid substances e.g., Fe, Co, Ni, 
Chromium dioxide, and Alnico (an iron aluminium - nickel 
- cobalt alloy) in which the atoms co-operate with each other 
in such a way so as to exhibit a strong magnetic effect. They 
are called ferromagnetic substances. Ferromagnetic 
materials are of great interest for electrical engineers. 





A Squid in use 
Squids | 
quantum 





or -super-conducting 
q nat a es devices} soe Recent studies of ferromagnetism have shown that there 
pag fibione ber in ns _ exists in ferromagnetic substance small regions called 
‘domains’. The domains are of macroscopic size of the order 


l4s 








of millimetres or less but large enough to contain 10" to 10” 
atoms. Within each domain the magnetic fields of all the 
spinning electrons are parallel to one another i.e., each 
domain is magnetized to saturation. Each domain behaves as 
a small magnet with its own north and south poles. In 
unmagnetised iron the domains are oriented in a disorderly 
fashion (Fig.17.16), so that the net magnetic effect of a 
sizeable specimen is zero. When the specimen is placed in 
an external magnetic field as that of a solenoid, the domains __ 
liné up parallel to lines of external magnetic field and the “3 
entire specimen becomes saturated (Fig.17.17). The 
combination of a solenoid and a specimen of iron inside it thus 
makes a powerful magnetand is called an electromagnet. 





lron is a soft magnetic material. Its domains are easily 
oriented on applying-an external field and also readily return 
to random positions when the field is removed. This is 
desirable in an electromagnet and also in transformers. 
Domains in steel, on the other hand, are not so easily 
oriented to order. They require very strong external fields, but 
once oriented, retain the alignment. Thus steel makes a good 
permanent magnet and is known as hard magnetic material 
and another such material is a special alloy Alnico V. 





Finally, it must be mentioned that thermal vibrations tend to | 
disturb the orderliness of the domains. Ferromagnetic 
materials preserve the orderliness at ordinary temperatures. 
When heated, they begin to lose their orderliness due to the « 
increased thermal motion. This process begins to occurata | 
particular temperature (different for different materials) called — 
Curie temperature. Above the Cune temperature iron is 
paramagnetic but not ferromagnetic. The Curie temperature 
for iron is about 750 °C. 


ysteresis | 





alee 


To investigate a ferromagnetic material, a bar of that material 
such as iron is placed in an alternating current solenoid. When 
the alternating current is at its positive peak value, it fully 
magnetises the specimen in one direction and when the current | jnjoiijielajo'niu 
is at its negative peak, it fully magnetises it in opposite direction. 
Thus as the alternating current changes from its positive peak 
value to its negative peak value and then back to its positive 
peak value, the specimen undergoes a complete cycle of 
magnetization, The flux density versus the magnetization 
current of the specimen for the various values of magnetizing 
current of the solenoid is plotted by a CRO (Fig.17.18). Piel taare 
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Its main features are as follows: 


1. Hysteresis 


The portion of OA of the curve is obtained when the 
magnetizing current/ is increased and AR is the portion when 
the current is decreased. It may be noted that the value of flux 
density for any value of current is always greater when the 
current is decreasing than when it is increasing, i.e., 
magnetism lags behind the magnetizing current. This 
phenomenon is known as hysteresis. 


2. Saturation 


The magnetic flux density increases from zero and reaches a 
maximum value. At this stage the material is said to be 
magnetically saturated. 






|3. Remanence or Retantivity 


When the current is reduced to zero, the material still remains 
strongly magnetized represented by point Ron the curve. ltis 
due to the tendency of domains to stay partly in line, once 
they have been aligned. 


4. Coercivity 


To demagnetize the material, the magnetizing current is 
reversed and increased to reduce the magnetization to zero. 
This is known as coercive current represented by C on the 
curve. The coercivity of steel (Fig.17.19 a), is more than that 
of iron as more current is needed to demagnetize it. Once the 
material is magnetized, its magnetization curve never 
passes through the origin. Instead, it forms the closed loop 
ACDC'A, which is called hysteresis loop. 






», Areaofthe Loop 





The area of the loop is a measure of the energy needed to 
magnetize and demagnetize the specimen during each cycle 
of the magnetizing current. This is the energy required to do 
work against internal friction of the domains. This work, like 
all work that is done against friction, is dissipated as heat. Itis 
called hysteresis loss, 

Hard magnetic materials like steel can not be easily 
magnetized or demagnetized, so they have large loop area 
as compared to soft magnetic material such as iron which 
can easily be magnetized. The energy dissipated per cycle, 
thus, for iron is less than for steel. 
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ja) Hysteresis loop of steal 





o' - 
(b) Hysteresis loop of soft iron 


OR = Retentivity 
OC = Coercivity 


Fig. 17.19 











Suitability of magnetic materials for different purposes canbe [gy 
studied by taking the specimen through a complete cycle and | 
drawing the hysteresis loop. A material with high retentivity 
and large coercive force would be most suitable to make a | 
permanent magnet. The cores of electromagnets used for 
alternating currents where the specimen repeatedly | 
undergoes magnetization and demagnetization should have a bullettrainis ined above the ralis 
narrow hysteresis curves of small area tominimize the waste due to ile age effect, thus friction 
of energy. papa eae alia and speed 


SUMMARY 


‘ Crystalline solids are those in which there is a regular arrangement of molecules, 
The neighbours of every molecule are arranged in a regular pattern that is constant 
through out the crystal. Thus, there is an ordered structure in crystalline solids, 








® In amorphous solids there is no regular arrangement of molecules. These are more 
like liquids with the disordered structure frozen in. 


° Polymers may be said to be more or less solid materials with a structure that is 
intermediate between order and disorder. These can be classified as partially or 
poorly crystalline solids. 


* A crystalline solid consists of three dimensional pattern that repeats itself over and 
over again. This basic structure is called unit cell. 

. The force applied on unit area to produce any change inthe shape, volume or length 
of abody is called stress. 

* When a long wire of length with area of cross section A is being pulled by a force F, 


which results in an increase in length A¢, the stress is called tensile deformation. 


* When a small cylinder is subjected to a force F along the inward drawn normal to its 
area of cross section A to reduce its length, the stress is called compressive stress 
and deformation produced by itis called compressive deformation. 


« if a force F is applied tangentially to the surface of the opposite face of a cube to 
_ deform or twistit through an angle 8, the stress is termed as shear stress. 


. ‘Strain is a measure of the deformation of a solid when stress is applied to it. In the 
case of deformation in one dimension, strain is defined as the fractional change in 
length per unit length. If strain is due to tensile stress, itis called tensile strain and if it 
is produced as a result of compressive stress, itis termed as compressive strain. 


° The ratio of stress to strain is a constant for a given material, provided the external 
applied force is not too great. Thisis called modulus of elasticity, 
® The strain energy can be obtained by the area of the force-extension graph. 


= The electrical behaviour of semi-conductor is substantially changed on introducing 
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a small amount of impurity into the pure semi-conductor lattice. The process is called 
doping in which a small number of atoms of some other suitable elements are added 
as impurity. The doped semi-conducting materials are called extrinsic. 


When a silicon crystal is doped with a pentavalent element, four valence electrons of 
the impurity atom form covalent bond with the neighbouring Si atoms, while the fifth 
valence electron provides a free electron in the crystal. Such a doped or extrinsic 
semi-conductor is called n-type semi-conductor. 


There are some materials whose resistivity becomes zero below a certain 
temperature 7., called critical temperature. Below this temperature, such materials 
are called superconductors. 


Substances in which the orbits and the spin axes of the electrons in an atom are so 
oriented that their magnetic fields support each other and the atom behaves like a 
tiny magnet are called paramagnetic substances. 


The substances in which magnetic fields produced by orbital and spin molecules of 
the electrons add up to zero are called diamagnetic substances. 


Substances in which the atoms co-operate with each other in such a way so as 
to exhibit a strong magnetic effect are called ferromagnetic. 


QUESTIONS 





Distinguish between crystalline, amorphous and polymeric solids. 


Define stress and strain. What are their SI units? Differentiate between tensile, 
compressive and shear modes of stress and strain. 


Define modulus of elasticity. Show that the units of modulus of elasticity and stress 
are the same. Also discuss its three kinds. 


Draw a stress-strain curve for a ductile material, and then define the terms: Elastic 
limit, Yield point and Ultimate tensile stress. 


What is meant by strain energy? How can it be determined from the force-extension 
graph? 


Describe the formation of energy bands in solids. Explain the difference amongst 
electrical behaviour of conductors, insulators and semi-conductors in terms of 
energy band theory. 


Distinguish between intrinsic and extrinsic semi-conductors. How would you obtain 
n-type and p-type material from pure silicon’ Illustrate it by schematic diagram. 


Discuss the mechanism of electrical conduction by holes and electrons in a pure 
semi-conductor element. 


Write a note on superconductors. 


17.10 Whatis meant by para, dia and ferromagnetic substances? Give examples for each. 


TF.11 


What is meant by hysteresis loss? How is it used in the construction of a transformer? 
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(2-70): 0a 


A1.25 cm diameter cylinder is subjected to a load of 2500 kg. Calculate the stress on 
the bar in mega pascals., (Ans: 200 MPa) 


A 1.0 mlong copper wire is subjected to stretching force and its length increases by 
20 cm. Calculate the tensile strain and the percent elongation which the wire 
undergoes. (Ans; 0.20, 20%) 


A wire 2.5 m long and cross-section area 10° m’ is stretched 1.5 mm by a force of 
100 N in the elastic region. Calculate (i) the strain (ii) Young's modulus 
(iii) the energy stored in the wire. (Ans: 6.02x 10°, 1.66x10"Pa, 7.5x 107J) 


What stress would cause a wire to increase in length by 0.01% if the Young's 
modulus of the wire is 12 x 10" Pa. What force would produce this stress if the 
diameter of the wire is 0.56 mm? (Ans: 1.2x 10° Pa, 2.96 N) 


The length of a steel! wire is 1.0 m and its cross-sectional area is 0.03 x 10“m’. 
Calculate the work done in stretching the wire when a force of 100 Nis applied within 
the elastic region. Young's modulus of steel is 3.0x 10" Nm*, (Ans: 5.6x 10° J) 


A cylindrical copper wire and a cylindrical steel wire each of length 1.5 m and 
diameter 2.0 mm are joined at one end to form a composite wire 3.0 m long. The wire 
is loaded until its length becomes 3.003 m. Calculate the strain in copper and steel 
wires and the force applied to the wire. (Young's modulus of copper is 1.2 x 10" Pa 
and for steel is 2.0 x 10" Pa), (Ans: 1.25x 10°, 7.5x 10", 477 N) 
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Learning Objectives 
At the end of this chapter the students will be able to: 


Describe forward and reserve biasing of a p-n junction. 
Understand half and full wavé rectification. 
Know the uses of light emitting diode, photo diode and photo voltaic cell. 
Describe the operation of transistor. NG 
Know current equation and solve related problems. 

Understand the use of transistors as an amplifier and a switch. 
Understand operational amplifier and its characteristics. | 
Know the applications of an operational amplifier as inverting and non-inverting 
amplifier using virtual ground concept. . a 
Understand the use of an operational amplifier as a comparator e.g., night switch. 
Understand the function of each of the following logic gates: AND, NOT, OR and 

AND gates and represent their functions by means of truth tables (limited to a 

maximum of two inputs). Pritt Del ae ; 

11. Describe how to combine different gates to form XOR and XNOR gates. 

12. Understand combinations of logic gates to perform control functions. 
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Af he huge advances in electronics over the recent past are due to discovery and use of 
semi-conductors, Silicon is one of the most commonly used semi-conductors, and is the 
basic material from which highly sophisticated. integrated circuits known as ‘chips’ are 
made. The use of chips in analogue as well as in digital electronics is described in the form of 
the black boxes. This chapter is based on the preliminary concepts introduced in the 
secondary school physics course. 


Ap-n junction is formed when a crystal of germanium or silicon is grown in such a way that its 
one half is doped with a trivalent impurity and the other half with a pentavalent impurity. One 
of the most important building blocks of electronic devices is the p-n junction. Its n-region 
contains free electrons as majority charge carriers and p-region contains holes as majority 
charge carriers. Just after the formation of the junction, the free electrons in the n-region, 
because of their random motion, diffuse into the p-region. As a result of this diffusion, a 
region is formvéd around the junction in which ‘charge carriers are not present. This region is 
knowrras depletion region (Fig. 18.1 a). In this figure, blué dots represent the free electrons 
and the small circles show the holes whereas the circles with + and - signs show the 
positive and negative ions which .constitute the depletion -region. Due to charge on 
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these ions a potential difference develops across the 
depletion region (Fig.18.1 b). Its value is 0.7 V in case of 
silicon and 0.3 V in case of germanium. This potential 
difference, called potential barrier, stops further diffusion of 
electrons into the p-region. 






Forward Biased p-n Junction 


When an external potential difference is applied across a p-n 
junction such that p-side is positive and n-side is negative, 
then this external potential difference supplies energy to free 
electrons in the n-region and to holes in 
p-region. When this energy is sufficient to overcome the 
potential barrier, a current of the order of a few milliamperes 
begins to flow across the p-n junction. In this state the p-n 
junction is said to be forward biased (Fig. 18.2 a). The 
variation of current through the junction with the bias voltage 
can be studied by the circuit shown in Fig. 18.2 (b). The value 
of current for different values of bias voltage is noted and a 
current-bias voltage graph is plotted. Fig. 18.3 shows the 
graph fora typical low power silicon diode, 


As shown in Fig. 18.3, if forward bias voltage is increased by 
AV, the currentincreases by A/,. The ratio AV,/A/,is known as 
forward resistance of the p-n junction, i.e., 


( -- : nea sesenns 2 (18.1) 


It is the resistance offered by the p-n junction when it is 
conducting. The value of r,is only afew ohms. 





| Reverse Biased p-n Junction 





When the external source of voltage is applied across a 
p-n junction such that its positive terminal is connected to n- 
region and its negative terminal to p-region, the p-n junction 
is said to be reverse biased (Fig. 18.4). In this situation no 
current flows due to the majority charge carries. However a 
very small current, of the order of few microamperes flows 
across the junction due to flow of minority charge carriers 
(Fig.18.4). It is known as reverse current or leakage current. 
The variation of reverse current with the applied bias voltage 
can be studied by the circuit shown in Fig.18.5. Fig.18.6 
shows the reverse characteristic for the p-n junction. Itcan be 
seen that as the reverse voltage is increased from 0, the 
reverse current quickly rises to its saturation value /.. As the 
reverse voltage is further increased, the reverse current 
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remains almost constant. Here the resistance offered by the 
diode is very high - of the order of several mega ohms. 


As the reverse voltage is increased, the kinetic energy of the 
minority charge carriers with which they cross the depletion 
region also increases till it is sufficient to break a covalent 
bond. As the covalent bond breaks, more electron-hole pairs 
are created. Thus, minority charge carriers begin to multiply 
due to which the reverse current begin to increase till a pointis 
reached when the junction breaks down and reverse current 
rises sharply (Fig.18.6). After breakdown the reverse current 
will rise to very high value which will damage the junction. 


P-n junction is also known as a semi-conductor diode whose 
symbolic representation is given in Fig.18.7. The arrow head 
represents the p - region and is known as anode. The vertical 
line represents the n-region and is known as cathode. The 
current flows in the direction of arrow when the diode is 
forward biased, 


Conversion of alternating current into direct current is called 
rectification. Semi-conductor diodes are extensively used for 
this purpose. There are two very common types of rectification. 


(i) Half-wave rectification and (ii) Full-wave rectification 





Half-Wave Rectification 


A half-wave rectification is shown in Fig. 18.8 where an 
alternating voltage of period T called input voltage is applied 
to a diode D which is connected in series with a load 
resistance R. In this method only one half of alternating 
current cycle is converted into direct current. 


During the positive half cycle of the input alternating voltage i.e., 
during the interval 0 - 7/2, the diode D is forward biased, so it 
offers a very low resistance and current flows through R. The 
flow of current through FR causes a potential drop across it which 
varies in accordance with the alternating input (Fig. 18.8 c). 


During the negative half cycle i.e., during the period 
T/2 — T, the diode is reverse biased. Now it offers a very high 
resistance, so practically no current flows through R and 
potential drop across it is almost zero (Fig. 18.8 c). The same 
events repeat during the next cycle and so on. The current 
through R flows in only one direction which means it is a direct 
current. However, this current flows in pulses (Fig. 18.8 c). The 
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voltage which appears across load resistance Ris known as 
output voltage. 


Full-Wave Rectification 





We have seen that in a half-wave rectification, only one half of 
the alternating input voltage is used to send a unidirectional 
current through a resistance. However both halves of the input 
voltage cycle can be utilized using 


full-wave rectification. Its circuit consists of four diodes ‘ 


connected in a bridge type arrangement (Fig.18.9). To 
understand the operation of the circuit, recall that a diode 
conducts only when it is forward biased. During the positive 
half cycle, i.e., during the time 0 — T/2, the terminal A of the 
bridge is positive with respect to its other terminal B. Now the 
diodes D, and D,, become forward biased and conduct. A 
current flows through the circuit in the direction shown by 
arrows in Fig. 18.9 (a). During the negative half cycle, i.e., 
during the time interval T/2 — T, terminal Ais negative and Bis 
positive. Now the diodes D, and D, conduct and current flows 
through the circuit in the path shown by arrows in Fig. 18.9 (b). 
By comparing Figs. 18.9 (a) and 18.9 (b), it can be seen that 
direction of current flow through the load resistance R is the 
same in both the halves of the cycle. Thus both halves of the 
alternating input voltage send a unidirectional current through 
R. The input and output voltages are shown in Fig. 18.10. 
However the output voltage is not smooth but pulsating. It can 
be made smooth by using a circuit known as filter. 


In addition to the use of semi-conductor diode as rectifier, 
many types of p-n junctions have been developed for special 
purposes. Three most commonly used such diodes are 

(i) Light emitting diode 

(ii) Photo diode 

(iii) Photo voltaic cell 





| Light Emitting Diode 


Light emitting diodes (LED) are made from special 
semi-conductors such as gallium arsenide and gallium 
arsenide phosphide in which the potential barrier between p 
and n sides is such that when an electron combines with a 
hole during forward bias conduction, a photon of visible light 
is emitted, These diodes are commonly used as small light 
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Fig. 18.10 





sources. A specially formed array of seven LED's js used for 
displaying digits etc., in electronic appliances (Fig. 18.11). 


A Aseven segment display © Photo diode is used for the detection of light. Itis operated in 


the reverse biased condition (Fig. 18.12 a). A photo diode 


6!234%561869  symbolis shown in Fig. 18.12 (b). When no light is incident 
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Fig. 18.12 

on the junction, the reverse current / is almost negligible but 
when its p-n junction is exposed to light, the reverse current 
increases with the intensity of light (Fig.18.12 c). 


A photo diode can turn its current ON and OFF in 
nano-seconds. Hence it is one of the fastest photo detection 
devices, Applications of photo diode include 


Detection of both visible and invisible radiations 

ii. Automatic switching 

iii. Logic circuits 

ivy. Optical communication equipment etc. 
Photo-Voltaic Cell 


It consists of a thick n-type region covered by a thin p-type 
layer. When such a p-n junction having no external bias 
(Fig.18.13), is exposed to light, absorbed photons generate 
electron-hole pairs. It results into an increase percentage 
of minority charge carriers in both the p and n-regions and 
when they diffuse close to the junction, the electric field due 
to junction potential barrier sweeps them across the junction. 
lt causes a current flow through the external circuit R. The 
current is proportional to intensity of light. 
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A transistor consists of a single crystal of germanium or 


silicon which is grown in such a way that it has three regions 
(Figs.18.14 & 18.15). 


In Fig.18.14 the central region is p type which is sandwiched 
between two n type regions. It is known as n-p-n transistor. In 
Fig.18.15, the n type central region is sandwiched between 
two p type regions. It forms a p-n-p transistor. The central 
region is known as base and the other two regions are called 
emitter and collector. Usually the base is very thin, of the 
order of 10° m. The emitter and collector have greater 
concentration of impurity. The collector is comparatively 
larger than the emitter. The emitter has greater concentration 
of impurity as compared to the collector. 





It can be seen in Figs.18.14 and 18.15 that a transistor is a 
combination of two back to back p-n junctions: emitter-base 
junction and collector-base junction. 


For normal operation of the transistor, batteries V,, and V,. 
are connected in such a way that its emitter-base junction is 
forward biased and its collector base junction. is reverse 
biased. V... is of much higher value than V,,. Fig.18.16 shows 
the biasing arrangement for n-p-n transistor when the 
transistor has been represented by its symbolic form. 
Fig.18.17 shows the same for a p-n-p transistor. 





Fig. 18.15 





Fig. 18.17 


It may be noted that polarities of the biasing batteries V,,, and 
Vc are opposite jn the two types of the transistors. In actual 
practice, itis the n-p-n transistor that is generally used. So we 
will discuss n-p-n transistors only. 


159 





| Current Flow in an-p-n Transistor 


Fig. 18.18 (a) shows a n-p-n transistor at the instant when the 
biasing voltage is applied. Electrons in the emitter, shown by 
black dots, have not yet entered the base region. After the 
application of the biasing voltage, emitter base junction is 
forward biased, so emitter injects a large number of electrons 
in base region (Fig.18.18 b). These free electrons in the base 
can flow in either of two directions. They can either flow out of 
the base to the positive terminal of V,, or they can be 
attracted towards the collector because of battery V... Since 
the base is extremely thin, very few electrons manage to 
recombine with holes and escape out of the base. Almost all 
of the free electrons injected from the emitter into the base 
are attracted by the collector due to the large positive 
potential V.. (Fig. 18.18 c). Thus, in a normally biased 
transistor due to above mentioned flow of electrons, we can 
say, that an electronic current /,, flows from the emitter into 
the base. A very small part of it, current /,, flows out of the 
base, the rest of it /. flows out of the collector (Fig. 18.19). 





Fig. 18,48 





le) Fig ‘aim The flow of conventional current is shown in Fig. 18.20. In 
future we will use conventional current only. From the figure, 
itcan be seen that 

i=l. tly Ges caeey te (18.2) 
As very few electrons flow out of base, so /, is very small as 
R. compared to /.. 






It is also found that for a given transistor the ratio of collector 
current /. to base current /, is nearly constanti.e., 


The ratio f is called current gain of transistor. Its value is quite 
large - of the order of hundreds. Eqs.18.2 and 18.3 are 
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fundamental equations of all transistors. 


ieee aint 10 mnand abase current of 40 WAN What 
is isthe ‘current gain c of the transis 





In majority of electronic circuits, transistors are basically 
used as amplifiers, An amplifier is thus the building block of 
every complex electronic circuit. Itis for this reason that study 
of transistor amplifier is important. 


The circuit in Fig. 18.21 is a transistor voltage amplifier. The 
battery V,, forward biases the base-emitter junction and V 
reverse biases the collector-base junction. V,. and V,, are 
the input and output voltages respectively. The base current 
is J, = Vz-/r, where r, is base emitter resistance of the 
transistor. The transistor amplifies it § times. So 
I= Bly = B Vac! Cu 

The output voltage V, = V,. is determined by applying KVL 
equation in the output loop which gives 





Voo fe Ret Vee or Vee = Vecw te Re Fig. aw 
Substituting the value of |, and replacing V,. by V, ; 
V, = Vec-B Vac Rein veveeeene  18.4(a) 


When small signal voltage AV,, is applied at the input 
terminal B, the input voltage changes from V,, to V,. + AV,,. 5 
This causes a little change in base current from J, to (/, + A/, ) 
due to which the collector current changes from /..to (/. + AI). 
As the collector current changes, the voltage drop across R, 
i.e. (/-R.) also changes due to which the output voltage 
V, changes by AV.. Substituting the changed values in 
Eq. 18.4(a) 


For Your information 





Vo tA Vi=Vec-B (Vaet AV.) Ret, eet eet eta 18.4 (b) 
Various shapes of transistors 





Subtracting Eq. 18.4(a) from Eq. 18.4(b) 
AV, =-BAV,R,/T, 
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Therefore the gain of the amplifier A= A V/A V,= § Rr, 
, The value of the factor f R../ r, is of the order of hundreds, so 
))— the input voltage is amplified. The negative sign shows that 
\ there is a phase shift of 180° between the input and the 
output signals. 


Fig. 18.22 (a) shows the circuit in which a transistor is used as 
a switch. The collectors C and emitter E behave as the 
terminals of the switch. The circuit in which the currentis to be 
, tuned OFF and ON, is connected across these terminals. 
~ The base B and emitter E act as control terminals which 


~ decide the state of the switch. 


In order to turn on. the switch, a potential V, is applied 
between control terminals B-E (Fig. 18.22 a). This injects a 
large current /, into the base circuit due to which a very heavy 
current /.. begins to flow in the CE circuit. This large value of 
collector current is possible only when the resistance 
between C and E drops down to such a small value that the 
potential drop across CE is nearly 0.1 volt. In Fig. 18.22 (a) 
emitter is at ground, so we can assume that collector is also 
at ground and collector emitter circuit of Fig. 18.22 (a) can be 
drawn as shown in Fig. 18.22 (b). CE switch is closed and the 
bulb glows due to flow of large collector current. To turn the 
switch OFF the base current /, is set zero by opening the 
base circuit (Fig. 18.22 c). As /. = fi /,, so /, becomes zero 
and C-E circuit becomes open (Fig. 18.22 d). Now the 
resistance between C and E becomes nearly infinity which 
opens the CE switch. | 


An electronic computer is basically a vast arrangement of 
electronic switches which are made from transistors. 















is 


, As stated earlier, amplifier is an important electronic circuit 
that is used in almost every electronic instrument. So instead 
=|  ofmaking amplifier circuit by discrete components, the whole 
amplifier is integrated on a small silicon chip and enclosed in 
a capsule. Pins connected with working terminals such as 
input, output and power supply project outside the capsule 
ay 


(Fig.18.23 a). The enclosed circuit of the amplifier is used by 
Fig, 18.22 making requisite connections with these pins. Such an 
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integrated amplifier is known as operational amplifier 
(op-amp), as it is some times used to perform mathematical 
operations electronically. 


The op-amp is usually represented by its symbol shown in 
Fig.18.23 (b). It has two input terminals. One is known as 
inverting input (-) and the other non-inventing input (+). A signal 
that is applied at the inverting (-) input, appears after amplification, 
at the output terminal with a phase shift of 180° (Fig. 18.24 a). It 
can be seen that the signal is inverted as it appears at the output, 
This is why this terminal is known as inverting. If the signal is 
applied at non-inverting input (+), it is amplified at the output 








without any change of phase (Fig. 18.24 b). nyt (b) 
Fig. 18.23 
input oN, input 
(a) (b) 
output output 





Fig. 18.24 





Fig. 18.25 
An op-amp has a large number of characteristic parameters. % 


We will discuss only three of them. 
(i) Input MES ELEUL 


It is the resistance between the (+) and (-) inputs of the 
amplifier (Fig. 18.25). Its value is very high -- of the order of 
several mega ohms. Due to high value of the in putresistance 
FR, practically no current flows between the two input 
terminals. Itis a very important feature of op-amps. Fig. 18.26 
(ii) Output Résistance 











It is the resistance between the output terminal and ground 
(Fig. 18.26). Its value is only a few ohms. 


(ifi) Open Loop Gain 
It is the ratio of output voltage V, to the voltage difference 


between non-inverting and inverting inputs when there is no 
external connection between the output and the inputs 


(Fig. 18.27)i.e., : 
Ao. = V Me = a Sesh r tess (18.5) | Fig. 18.27 
‘= i 
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Fig. 18.28 





Fig. 18.20 


The open loop gain of the amplifier is very high. It is of the 
order of 10°. 





Fig. 18.28 shows the circuit of an op-amp. when used as an 
inverting amplifier. The input signal V, which is to be 
amplified, is applied at inverting terminal (-) through a 
resistance R.. V, is its output. The non-inverting terminal (+) 
is grounded, i.e., its potential is zero. We know that Ax Is 
very high, of the order of 10°. As V, may have any value 
between +V,., (+12V) and -V,, (-12V) so according to 
Eq.18.5, for finite (+12V) value of V,, V.- V. =O or V,= V.. 
Since V.is at ground so V is virtually at ground potential i.e., 
V_=0. Referring to Fig. 18.28, 








V—-V VO V, 
LU ‘TT 1 R xT = ai = al = ll 
Current through =, =/, R RR 
Current through p iy = V_ —Mo Me Vo -_ Ye 
z z R ER 
. 2 z 2 
As practically no current flows between (-) and (+) terminalis, 
so according to Kirchhoffs current rule i=, 
Vin Ve Vo ie? 
or a= — or —=-— 
R. R, % 
As V,/ V,,is defined as gain G of the inverting amplifier, so 
R, (18.6) 
—— R epee eee eee . 


} 
The negative sign indicates that the output signal is 180° out 
of phase with respect to input signal. It is interesting to note 
that the closed loop gain depends upon the two externally 
connected resistances R, and R,. The gain is independent of 
whatis happening inside the amplifier. 
IfR, =10kQand R,= 100 kQ, the gain of the amplifier is 

Vv, -R,  -1000 


C=, R.  10kR 


=-10 





The circuit diagram of op-amp as non-inverting amplified is 
shown in Fig. 18.29. In this case the input signal V., is applied 
at the non-inverting terminal (+). As explained earlier, due to 
high open loop gain of amplifier, the inverting (-) and non 
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inverting (+) inputs are virtually at the same potential. Thatis, 


Vv i: Vv. = Vie 

Also, from Fig.18.29, 
CurrentthroughR =/ = O=V_ _ O-Va_ = Ve 
tie Vie R, R 
Via- V, 

- 2 R, 
As practically no current flows between (-) and (+) terminals, 
sobyKirchhoffscurrentrule /,=/, 


aa 
—_ 


= 


Current throughR = i, = 





= 





Hence aie Moe 
7 R R, 
or V,, a Bee 5 tes 
is R, sis 
or Gain= We ie fatal yeaa MAGEE) 


Again the gain of the amplifier is independent of the internal 
structure of the op-amp. It just depends upon the two externally 
connected resistances R, and R,. The positive sign of gain 
indicates that the input and out put signals are in phase. 





Op-amp usually requires two power supplies of equal voltage 
but of opposite polarity. Most op-amp operate with V.. =+12 V 
supply (Fig. 18.31). 
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Fig. 18.34 
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integrated circuit (IC) chips are 
manufactured on wafers of semi- 
conductor material. 





Fig. 18.33 





As the open loop gain of the op-amp is very high (10°), evena 
very small potential difference between the inverting and non- 
inverting inputs is amplified to such a large extent that the 
amplifier gets saturated, i.e., its output either becomes equal 


_ to+V., or-V,.. This feature of op-amp is used to compare two 
| voltages. Fig.18.32 shows the circuit of an op-amp used as 





Fig. 18.32 


comparator. V, is reference voltage which is connected with 
(+) terminal and Vis the voltage which is to be compared with 


_ the reference V,,. Itis connected with (-) terminal. 


When VF V. or VV, then V,=-Vi. 
and if V.<V. or V<V,, then V,=+V.. 


Suppose itis required that when intensity of light falls below a 
certain level, the street light is automatically switched on. 
This can be accomplished by using op-amp as a comparator. 
In Fig.18.33 resistances R, and R, form a potential divider. 
The potential drop across R, provides the reference voltage 
V,, to the (+) input of the op-amp. Thus 


pes ee 18.8 
Rake uss) 





Viz 


LDR is a light dependent resistance. The value of its 
resistance R, depends upon the intensity of light falling upon 
it. R, and Fy, form another potential divider. The potential drop 
across R, is V' whichis given by 


3 R | 
Yi = —— 3 eV Ste b tee eee 18.9 
R+R, (18.9) 
V'provides the voltage to (-) input of the op-amp. V'will not be 
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a constant voltage but it will vary with the intensity of light. 
During day time, when light is falling upon LDR, R. is small. 
According to Eq.18.9, V’ will be large such that 
V'> V,50 that V,=-V.,.. The output of the op is connected with 
a relay system which energizes only when V,=+V,..and then 
it turns on the street lights. Thus when V, = -V,,, the light will 
not be switched ON. 

As it gets darker, R, becomes larger and V'decreases. When 
V' becomes just less than V,, the output of op-amp switches 
to +. which energizes the relay system and the street lights 
are turned ON. 


Adigital system deals with quantities or variables which have 
only two discrete values or states. Following are the 
examples of such quantities. 


(i) Aswitch can be either open or closed. 

(ii) The answer of a question can be either yes or no. 
(iii) Acertain statement can be either true or false. 
(\v)  Abulb can be either off oron. 


Various designations are used to represent the two 
quantized states of such quantities. The most common of 
these are listed in Table 18.1. 





Mathematical manipulation of these quantities can be best 
carried if they are represented by binary digits 1 and 0. When 
we are dealing with voltages, designation No.2 is also a 
convenient representation. 


In describing functions of digital systems a closed switch will 
be shown as 1 and open switch will be shown as 0. Similarly, 
a lighted bulb will be described as 1 and an off bulb will be 
described as 0. 


Just as we require two basic mathematical operations, i.e., 
addition and subtraction for the mathematical manipulation 
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of ordinary quantities which can possess all continuous 
values, we require a special algebra, known as Boolean 
algebra for the manipulation of the quantities which have 
values 1 and 0, now designated as Boolean variables. 
Boolean algebra is based upon three basic operations 
namely (i) AND operation, (ii) OR operation and (iii) NOT 
operation. You have already read about these operations. 
Here we would study about logic gates which implement 
these operations. 


The electronic circuits which implement the various logic 
operations are known as logic gates. In these gates the high 
and low states, i.e., 1 and 0 states are simulated by certain 
voltage levels. Ideally one particular voltage level represents 
a high (1) and another voltage level represents a low (0). In 
practical digital circuits, however a 1 or high can be any 
voltage between a specified minimum value and a specified 
Fig. 18.34 maximum value. Likewise 0 or low can be any voltage 
between a specified minimum and a specified maximum. 
Fig.18.34 shows the range 1 and 0 levels for a certain type of 
tritit JA digital gates. Thus if voltage of 3.5 V is applied to a gate, it will 
_)»= accept it as high or 1. Ifa voltage of 0.5 V is applied, the gate 

Input B yx will recognize it as 0 or low. 


OR gate as symbolically represented in Fig.18.35, 
implements the logic of OR operation. It has two or more 
inputs and a single output X. The output has a value 1 when 
at least one of its inputs A and B is at 1. Thus X will be zero 
only when both the inputs are 0. Thus it implements the truth 
table of OR operation (Table 18.2). The mathematical 
notation for OR operation is 


input A ‘ Output X=A+B 
input B x AND Gate 


AND gate The AND gate shown in Fig. 18.36 has two or more inputs 
Fig. 18.36 and a single output. Itis designed such that it implements the 
truth table of AND operation, i.e., its output X is 1 only when 
both of its inputs A and B are at 1 and for all other 
combinations of. the values of A and B, X is zero 
(Table 18.3). The mathematical notation for AND operation is 


A=A.B 








OR gate 
Fig. 18.35 
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lt performs the operation of inversion or complementation. 
That is why it is also known as inverter. It changes a logic 
level to its opposite level, i.e., itchanges 1 to 0 andOto1. The 
symbolic representation of NOT gate is shown in Fig. 18.37. 
Whenever a bar is placed on any variable, it shows that the 
value of the variable has been inverted. For example 
4=0 and 0= 1. The "bubble" (o) in Fig.18.37 indicates 
operation of inversion. Its truth table is given in Table 18.4. 
The mathematical notation forNOT operation is =A 





In NOR gate the output of OR gate is inverted. Its symbol is 


shown in Fig.18.38 and its truth table is given in 
Table 18.5. The mathematical notation for NOR operation is 


X= A+B 





NAND Gate 
In NAND gate the output of an AND gate is inverted. Its 
symbol is shown in Fig. 18.39. The bubble in this figure 
shows that the output of AND gate is inverted. The truth table 
implemented by it is shown in Table 18.6. The mathematical 
notation for NAND operation is 


M=A.B 
Exclusive OR Gate(XOR) 


Consider a Boolean functi on Xx of two variables Aand B such 
that X=AB+AB 


The first term of the function X is obtained by ANDing the 

variable A with NOT of B. The second term is NOT of A 

ANDed with B. The function X is obtained by ORing these two 

terms. ltcan be constructed by combining AND, OR and NOT 

gates according tothe scheme shownin Fig. 18.40(a). The 
A — 





B 
Fig. 18.40 (a) Making an XOR gate 


169 





NOT gate 
Fig. 18.37 








MOR gate 
Fig. 18.38 





Input A Output 
Input B % 
MAND gate 
Fig. 18.39 











XOR gate 
Fig. 18.40 (b) 
Input A Output 
x 
Input B 
XNOR gate 
Fig. 18.41 











value of this function can be obtained by drawing the truth 
table (Table 18.7) which gives the value of X for all the values 
of the variables A and B. The value of X is 0 when the two 
inputs have the same values and itis 1 when the inputs have 
different values. It can be verified that the circuit of 
Fig. 18.40 (a) implements this truth table. The symbol of XOR 
gate is shownin Fig. 18.40(b). 





Exclusive - NOR gate (XNOR) 


The exclusive NOR gate is obtained by inverting the output 
of a XOR gate. Its symbol is shown in Fig. 18.41. The bubble 
shown at the output in this figure shows that the output cf 
XOR gate has been inverted. So its Boolean expression is 


given by X= AB+AB 


The truth table of XNOR gate is given in the Table 18.8. Its 
output is 1 when its two inputs are identical and 0 when the 
two inputs are different. Like XOR gate, itis also constructed 
by a combination of NOT, AND and NOR gates by the 
scheme shown in Fig.18.42. 





Fig. 18.42 


Gates are widely used in control systems. They control the 
function of the system by monitoring some physical 
parameter such as temperature, pressure or some other 
physical quantity of the system. As gates operate with 
electrical voltages only, so some devices are required which 
can convert various physical quantities into electric voltage. 
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These devices are known as sensors. For example, in the 
example of night switch, Light Dependent Resistance (LDR) 
iS a sensor for light because it can convert changes in the 
intensity of light into electric voltage. A thermister is a sensor 
for temperature. A microphone is a sound sensor. Similarly 
there are level sensors which give an electrical signal when 
the level of liquid in a vessel attains a certain limit. One such 
application is described here. For example sensors are used 
to monitor the pressure and temperature of a chemical 
solution stored in a vat. The circuitry for each sensor is such 
that it produces a HIGH, i.e., 1 when either the temperature or 
pressure exceeds a specified value. A circuit is to be 
designed which will ring an alarm when either the 
temperature or pressure or both cross the maximum 
specified limit. The alarm requires a LOW(0) voltage for its 
activation. 

The block diagram of the problem is shown in Fig.18.43 in 
which C is the circuit to be designed. Its inputs A and B are fed 
by the temperature and pressure sensors T and P fitted into 
the vat. Whenever output of the circuit C is LOW, the alarmis 
activated. So the circuit C should be such that its output is 0 
as soon as the limit for temperature or pressure is exceeded, 
i.e., whenA=0,B=1 orwhenA=1,B=0OorwhenA=B=1. 
The output of C should be HIGH when temperature and 
pressure are within the specified limit, i.e., when A= B = 0. 
This gives the truth table 18.9 which the circuit C has to 
implement. It can be seen that it is the truth table of NOR 
gate. So the circuit C in Fig.18.43 should be a NOR gate as 
shown in Fig.18.44. 
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18.1 


18.2 
18.3 


18.4 
18.5 


18.6 
18.7 
18.6 
18.9 


18.10 


18.11 


18.12 





eltiscyilel 


How does the motion of an electron in a n-type substance differ from the motion of 
holes ina p-type substance? 

What is the net charge on an-type ora p-type substance? 

The anode of a diode is 0.2 V positive with respect to its cathode. Is it forward 
biased? 

Why charge carriers are not present in the depletion region? 

wee i the effect of forward and reverse biasing of a diode on the width of depletion 
region’? 

Why ordinary silicon diodes do not emit light? 

Why a photo diode is operated in reverse biased state? 

Why is the base currentin a transistor very small? 


What is the biasing requirement of the junctions of a transistor for its normal 
operation? Explain how these requirements are met in a common emitter amplifier? 


What is the principle of virtual ground? Apply it to find the gain of an inverting 
amplifier. 


The inputs of a gate are 1.and 0. Identify the gate if its output is (a) 0, (b) 1 


Tick (¥ )the correct answer 
Adiode characteristic curve Is a plot between 
(a)  currentand time (b) voltage and time 


(c) voltage and current (d) forward voltage and reverse voltage 
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(ii), 


(iii) 


(Iv) 


(v) 


(vi) 


(vii) 


(viii) 


(ix) 


The colour of light emitted by a LED depends on 


(a) its forward bias (b) its reverse bias 
(c) the amount of (d) the type of semi-conductor 
forward current material used. 


Ina half-wave rectifier the diode conducts during 
a. both halves of the input cycle 
b. aportion of the positive half ofthe input cycle 
c. aportion of the negative half of the input cycle 
d. One half of the input cycle 
In a bridge rectifier of Fig. Q. 18.1 when Vis positive at 
point B with respect to pointA, which diodes are ON. 
i, 
a. D, and D, b. D, and D, 
ci D, and D, d. D, and D, 
The common emitter current amplification factor B is given by 
lc I. Ie 


Ig 
: is Wie c.— d. — Fig, Q. 18.1 
le ty Ip fe 





Truth table of logic function 
a summarizes its output values 
b. tabulates all its input conditions only 
c display all its input/output possibilities 
d, is not based on logic algebra 
The output of a two inputs OR gate is 0 only when its 
a. both inputs are 0 b. either inputis 1 
C. both inputs are 1 d. either inputis 0 
Atwo inputs NAND gate with inputs A and B has an output 0 if 
a. AisO b. BisO 
c. both Aand B are zero d. bothAand Bare 1 
The truth table shown below is for 


a. XNOR gate 
b. OR gate 

c. AND gate 
d. NAND gate 





18.1 


18.3 


16.4 


18.5 


| PROBLEMS 





The current flowing into the base of a transistor is 100 
UA. Find its collector current i, its emitter 
current /. and the ratio /.//, , ifthe value of current 
gain Bis 100. (Ans: 10 mA, 10.1 mA, 0.99) 


Fig.P.18.2 shows a transistor which operates a 
relay as the switch S is closed. The relay is 
energized by a current of 10 mA. Calculate the 
value R, which will just make the relay operate. The 
current gain 6 of the transistor is 200. When the 
transistor conducts, its V,, can be assumed to be 
0.6 V. (Ans: 168 kQ) 





Fig. P.18.2 





In circuit (Fig.P.18.3), there is negligible potential 
drop between B and E, if, Bis 100. Calculate 

(i) base current 

(il) collector current 

(ili) potential drop across R, 

(iv) Vee, 

(Ans: 11.25 pA, 1.125 mA, 1.125 V, 7.875 V) 


Caiculate the output $f theop-amp circuit shown in 


Fig.P.18.4. (Ans: 0) aif ee 





Fig. P. 18.4 
40 ko 


Calculate the gain of non-inverting amplifier shown 
in Fig.P.18.5. (Ans: 5) 





Fig. P. 18.5 
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Learning Objectives 
Atthe end of this chapter the students will be able to: 


Distinguish between inertial and non-inertial frames of references. 
Describe the postulates of special theory of relativity and its results. 
Understand the NAVASTAR navigation system. 

Understand the concept of black body radiation. 


Understand and describe how energy is distributed over the wavelength range for 
several values of source temperature. 


Know Planck's assumptions. 

Know the origin of quantum theory. | 
Show an appreciation of the particle nature of electromagnetic radiation. 
Describe the phenomenon of photoelectric effect. 

10. Explain photoelectric effect in terms of photon energy and work function. 
TE Explain the function of photocell and describe its uses. 

12. Describe Compton's effect. 

13. Explain the phenomena of pair production and pair annihilation. 

14. Describe de-Broglie’s hypothesis of wave nature of particles. 


15. Describe and interpret qualitatively the evidence provided by electron diffraction for 
the wave nature of particles. 


16. Understand the working principle of electron microscope. 
17. | Understand and describe uncertainty principle. 


eNO we 


I, the early part of the twentieth century, many experimental and theoretical problems 
remained unresolved, Attempts to explain the behaviour of matter on the atomic level with 
the laws of caps lcal physics were not successful. Phenomena such as black body radiation, 
the photoelectric effect, the emission of sharp spectral lines by atoms in a gas discharge 
tube, and invariance of speed of light, could not be understood within the framework of 
classical physics. To explain these observations a revolutionary framework of explanation 
was lipitor we call modern physics. Its two most significant features are relativity 
and quantum theory. The observations on objects moving very fast, approaching the speed 
of light, are well explained by the special theory of relativity. Quantum t Bory has been able 
to explain the behaviour of electromagnetic radiation as discrete packets o energy and the 
particles on a very small scale are dominated by wave properties. 

Classical Physi is still valid in ordinary processes of everyday life. But to explain the 
behaviour of tiny or very fast moving particles, we have to use the above mentioned 
theories. In this chapter, we shall discuss various aspects of theory of relativity and quantum 
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theory. Before introducing special theory of relativity, some 
related terms are discussed briefly. 


When we say a ball is thrown up, the ‘up’ direction is only for 
that particular place, It will be ‘down’ position for a person on 
the diametrically opposite side of the globe. The concept of 
direction is purely relative. Similarly, the rest position or the 
motion of an object is not same for different observers. For 
example, the walls of the cabin of a moving train are 
stationary with respect to the passengers sitting inside it but 
are in motion to a person stationary on the ground. So we 
cannot say whether an object is absolutely at rest or 
absolutely in motion. All motions are relative to a person or 
instrument observing it. 


Let us perform an experiment in two cars moving with 
constant velocities in any direction. Suppose a ball is thrown 
straight up. It will come back straight down. This will happen in 
both cars. But if a person in one car observes the experiment 
done in the other car, will he observe the same? Suppose now 
one car is stationary. The person in the other car, which is 
moving with constant velocity, throws a ball straight up. He will 
receive the ball straight down. On the other hand, the fellow 
sitting in the stationary car observes that the path of the ball is 
a parabola. Thus, when experimenters observe what is going 
on in their own frame of reference, the same experiment gives 
identical observations. But if they look into other frames, they 
observe differently. 
We have discussed the most commonly used Cartesian 
coordinate system. In effect, a frame of reference is any 
coordinate system relative to which measurements are taken. 
The position of a table in a room can be located relative to the 
walls of the room. The room is then the frame of reference. 
For measurements taken in the college laboratory, the 
laboratory is the reference frame. If the same experiment is 
performed in a moving train, the train becomes a frame of 
reference. The position of a spaceship can be described 
relative to the positions of the distant stars. A coordinate 
system based on these stars is then the frame of reference. 





An inertial frame of reference is defined as a coordinate 
system in which the law of inertia is valid. That is, a body at 
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rest remains at rest unless an unbalanced force produces 
acceleration in it. Other laws of nature also apply in such a 
system. If we place a body upon Earth it remains at rest 
unless an unbalanced force is applied upon it. This 
observation shows that Earth may be considered as an 
inertial frame of reference. A body placed in a car moving with 
a uniform velocity with respect to Earth also remains at rest, 
so that car is also an inertial frame of reference. Thus any 
frame of reference which is moving with uniform velocity 
relative to an inertial frame is also an inertial frame. 


When the moving car is suddenly stopped, the body placed in 
it, no longer remains at rest. So is the case when the car is 
suddenly accelerated. In such a situation, the car is not an 
inertial frame of reference. Thus an accelerated frame is a 
non-inertial frame of reference. Earth is rotating and 
revolving and hence strictly speaking, the Earth is not an 
inertial frame. But it can often be treated as an inertial frame 
without serious error because of very small acceleration. 


The theory of relativity is concerned with the way in which 
observers who are in a state of relative motion describe 
physical phenomena. The special theory of relativity treats 
problems involving inertial or non-accelerating frames of 
reference. There is another theory called general theory of 
relativity which treats problems involving frames of reference 
accelerating with respect to one another. The special theory 
of relativity is based upon two postulates, which can be 
Stated as follows: 


|. Thelaws of physics are the same in all inertial frames. 


2. The speed of light in free space has the same value for all 
observers, regardless of their state of motion. 


The first postulate is the generalization of the fact that all 
physical laws are the same in frames of reference moving with 
uniform velocity with respect to one another. If the laws of 
physics were different for different observers in relative motion, 
the observer could determine from this difference that which of 
them were stationary in a space and which were moving. But 
such a distinction does not exist, so this postulate implies that 
there is no way to detect absolute uniform motion. The second 
postulate states an experimental fact that speed of light in free 
space is the universal constant 'c’ (c = 3 x 10° ms"). These 
simple postulates have far-reaching consequences. These 


LT? 


Lo You Know? 


The speed of light emitted by 
flashlight is ¢ measured by two 


include such phenomena as the slowing down of clocks and 
contraction of lengths in moving reference frames as 
measured by a stationary observer. Some interesting results 
of the special theory of relativity can be summarized as 
follows without going into their mathematical derivations. 


Time Dilation 





According to special theory of relativity, time is not absolute 
quantity. It depends upon the motion of the frame of 
reference. 


Suppose an observer is stationary in an inertial frame. He 
measures the time interval between two events in this frame. 
Let it be t,. This is known as proper time. If the observer is 
moving with respect to frame of events with velocity v or if the 
frame of events is moving with respect to observer with a 
uniform velocity v, the time measured by the observer would 
not be t,, butitwould be fgiven by 






‘ - oe a 2 
4@ , ~— uz zy ‘= 


_——__— 3 * p 
As the quantity, /1— a is always less than one, so tis greater 
C 


than t.i.e., time has dilated or stretched due to relative motion 
of the observer and the frame of reference of events. This 
astonishing result applies to all timing processes — physical, 
chemical and biological. Even aging process of the human 
body is slowed by motion at very high speeds. 





= Length Contraction 


The distance from Earth to a star measured by an observer in 
a moving spaceship would seem smaller than the distance 
measured by an observer on Earth. That is, if you are in 
motion relative to two points that are a fixed distance apart, 
the distance between the two points appears shorter than if 
you were at rest relative to them. This effect is known as 
length contraction. The length contraction happens only 
along the direction of motion. No such contraction would be 
observed perpendicular to the direction of motion. The length 
of an object or distance between two points measured by an 
abserver who is relatively at rest is called proper length ‘4’. If 
an object and an observer are in relative motion with speed v, 
then the contracted length 'f is given by 
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Mass Variation 


According to special theory of relativity, mass of an objectisa 
varying quantity and depends upon the speed of the object. 
An object whose mass when measured at restis m, will have 
an increased mass m when observed to be moving at speed 
v. They are related by 


te 


Cy. <7 
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The increase in mass indicates the increase in inertia the 
object has at high speeds. As v approaches c. it requires a 
larger and larger force to change the speed of the object. 


ve 
As vo, “+4 therefore i-= 0 
C Cc 


Thus moo 


An infinite mass would require an infinite force to accelerate 
it. Because infinite forces are not available. hence, an object 
cannot be accelerated to the speed of light'c’ in free space. 


jinerd ovate heed) 





In our everyday life, we deal with extremely small speeds, 
compared to the speed of light. Even the Earth's orbital speed 
is only 30 kms”, On the other hand, the speed of light in free 
space is 300,000 kms’. This is the reason why Newton's laws 
are valid in everyday situations. However, when 
experimenting with atomic particles moving with velocities 
approaching speed of light, the relativistic effects are very 
prominent, and experimental results cannot be explained 
without taking Einstein's equations into account. 






Eriergy «Mass Relation — 

According to special theory of relativity, mass and energy are 

different entities but are interconvertible, The total energy E 

and mass m of an object are related by the expression 
SS Eee re (19.4) 


where m depends on the speed of the object. At rest, the 
energy equivalent of an object's mass m, is called rest mass 
energy E.. 
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As mc’ is greater than m,c’, the difference of energy 
(mc’- mc’) is due to motion, as such it represents the kinetic 
energy of the mass. Hence | 

KER (mim Jer (19.8) 
From equation 19.4 above, the change in mass m due to 


change in energy AE is given by 





AE 
sae 
Because c’ is a very large quantity, this implies that small 
changes in mass require very large changes in energy. In our 
everyday world, energy changes are too small to provide 
measurable mass changes. However, energy and mass 
changes in nuclear reactions are found to be exactly in 
accordance with the above mentioned equations. 


NAVSTAR Navigation System 


The results of special theory of relativity are put to practical 
use even in everyday life by a modern system of navigation 
satellites called NAVSTAR. The location and speed 
anywhere on Earth can now be determined to an accuracy of 
about 2 cms”. However, if relativity effects are not taken into 
account, speed could not be determined any closer than 
about 20 cms’. Using these results the location of an aircraft 
after an hour's flight can be predicted to about 50 m as 
compared to about 760 m determined by without using 
relativistic effects. 
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Example 19.2: A bar 1.0 m in length and located along 
x-axis moves with a speed of 0.75 c with respect to a 
stationary observer. What is the length of the bar as 
measured by the stationary observer? 


Solution: 
£=1.0m, v=0.75c, l=? 


Us WE 
sing t=%, ee 
f=1.0m~x ,_©.75¢)" _, Om~x 1-(0 75) =0 66m 
Ma a c? a . . 


Example 19.3: Find the mass m of a moving object with 
speed 0.8 c. 









Solution: 
Using 
or 


When a body is heated, it emits radiation. The nature of 
radiation depends upon the temperature. At low temperature, a 
body emits radiation which is principally of long wavelengths in 
the invisible infrared region. At high temperature, the proportion 
of shorter wavelength radiation increases. Furthermore, the 
amount of emitted radiation is different for different 
wavelengths. It is of interest to see how the eneray is distributed 
among different wavelengths at various temperatures. For 
example, when platinum wire is heated, it appears dull red at 
about 500 °C, changes to cherry red at 900°C, becomes orange 
red at 1100°C, yellow at 1300°C and finally white at about 
1600°C. This shows that as the temperature is increased, the 
radiation becomes richer in shorter wavelengths. 


In order to understand the distribution of radiation emitted from 
a hot body, we consider a non-reflecting object such as a solid 





181 


small 
Dole: 





incident 


internal diath 
cavity radiation 


(8) Absorption of radiation 


Fig. 19.1 


small 
hole 





emerging 
pple radiation 
(6) moet a 
Emission of radiation 

Fig. 19.4 


5 
ee Wavelnath 
Fig 193; i se 











that has a hollow cavity within it. It has a small hole and the 
radiation can enter or escape only through this hole. The 
inside is blackened with soot to make it as good an absorber 
and as bad a reflector as possible. The small hole appears 
black because the radiation that enters is reflected from the 
inside walls many times and is partly absorbed at each 
reflection until none remains. Such a body is termed as black 
body and has the property to absorb all the radiation entering 
it. A black body is both an ideal absorber (Fig. 19.1 a) and an 
ideal radiator (Fig. 19.1 b). 


Intensity Distribution Diagram 





Lummer and Pringsheim measured the intensity of emitted 
energy with wavelength radiated from a black body at 
different temperatures by the apparatus shown in Fig.19.2. 
The amount of radiation emitted with different wavelengths is 
shown in the form of energy distribution curves for each 
temperature in the Fig.19.3. 

black body cavity 





rock salt 






thermopile prism (transmits 
(radiation detector) —— and disperses all 
wavelengths) 
/ /—— infrared 
spectrometer 


Fig. 19.2 


— 
— 
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| These curves reveal the following interesting facts. 


1. Ata given temperature, the energy is not uniformly 
distributed in the radiation spectrum of the body. 


2. Ata given temperature 7, the emitted energy has 
maximum value for a certain wavelength 4.,,., and the 
product a...,,x Tremains constant. 


hnaX T = Constant 
The value of the constant known as Wien’ s constant is 
about 2.9 x 10° m K. This equation means that as T 
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increases, A, shifts to shorter wavelength. 


3. For all wavelengths, an increase in temperature causes 
an increase in energy emission. The radiation intensity 
increases with increase in wavelengths and at a 
particular wavelength 4, , it has a maximum value. With 
further increase in wavelength, the intensity decreases. 


4 The area under each curve represents the total energy 
(E) radiated per second per square metre over all 
wavelengths at a particular temperature. It is found that 
area is directly proportional to the fourth power of kelvin 
temperature T. Thus 


where o is called Stefen's constant. Its value is 5.67 x 10° 
Wm"*K" and the above relation is known as Stefen- 
Boltzmann law. 


|Planck's Assumption 





Electromagnetic wave theory of radiation cannot explain the 
energy distribution along the intensity-wavelengths curves. 
The successful attempts to explain the shape of energy 
distribution curves gave rise to a new and 
non-classical view of electromagnetic radiation. In 1900, Max 
Planck founded a mathematical model resulting in an 
equation that describes the shape of observed curves 
exactly. He suggested that energy is radiated or absorbed in 
discrete packets, called quanta rather than as a continuous 
wave. Each quantum is associated with radiation of a single 
frequency. The energy E of each quantum is proportional to 
its frequency f, and 


E=ht Sap e (19.9) 
where his Planck's constant. Its value is 6.63 x 10™ Js. This 


fundamental constant is as important in physics as the 
constant c, the speed of light in vacuum. 


Max Planck received the Nobel Prize in physics in 1918 for 
his discovery of energy quanta. 

The Photon 

Planck suggested that as matter is not continuous but 


consists of a large number of tiny particles, so is the radiation 
energy from a source. He assumed that granular nature of 
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radiation from hot bodies was due to some property of the 
atoms producing it. Einstein extended his idea and 
postulated that packets or tiny bundles of energy are integral 
part of all electromagnetic radiation and that they could not 
be subdivided. These indivisible tiny bundles of energy he 
called photons. The beam of light with wavelength 4 consists 
of stream of photons travelling at speed c and carries energy 
hf. From the theory of relativity momentum p of the photon is 
related to energy as 

Thus pc=hf or p= a2. Loame eae) 
The table 19.1 relates the quanta emitted in different regions 
of the electromagnetic spectrum with energy. At the high end, 
y- radiation with energy ~ 1 MeV is easily detected as quanta 
by a radiation detector and counter. At the other end, the 
energy of photon of radio waves is only about 10° eV. So 
millions of photons are needed to detect a signal and hence 
wave properties of radio waves predominate. The quanta are 


Table: 19.1 Electromagnetic spectrum 
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so close together in energy value that radio waves are 
detected as continuous radiation. 


The emission or absorption of energy in steps may be 
extended to include any system such as a mass oscillating on 
a spring. However, the energy steps are far too small to be 
detected and so any granular nature is invisible. Quantum 
effects are only important when observing atomic sized 
objects, where h is a significant factor in any detectable 
energy change. 


' 


Yamole " 








Electromagnetic radiation or photons interact with matter in 
three distinct ways depending mainly on their energy. The 
three processes are 
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(\) Photoelectric effect 

(\\) Compton effect 

(i) Pair production 
Photoelectric Effect = * 





The emission of electrons from a metal surface when 
exposed to light of suitable frequency is called the 
photoelectric effect. The emitted electrons are known as 
photoelectrons. 


The photoelectric effect is demonstrated by the apparatus 
shown in Fig. 19.4. An evacuated glass tube X contains two 
electrodes. The electrode A connected to the positive | 


snemenr terminal of the battery is known as anode. The electrode C 
_ connected to negative terminal is known as cathode. When 








monochromatic light is allowed to shine on cathode, itbegins | 
to emit electrons. These photoelectrons are attracted by the 
_ positive anode and the resulting current is measured by an 
ammeter. The current stops when light is cut off, which 
proves, that the current flows because of incident light. This 
currentis, hence, called photoelectric current. The maximum 
energy of the photoelectrons can be determined by reversing 
the connection of the battery in the circuit i.e., now the anode 
A is negative and cathode C is at positive potential. In this 
condition the photoelectrons are repelled by the anode and | 
the photoelectric current decreases. If this potential is made 
more and more negative, at a certain value, called stopping 
potential V., the current becomes zero. Even the electrons of 
maximum energy are not able to reach collector plate. The 






where mis mass, vis velocity and eis the charge on electron. 
lf the experiment is repeated with light beam of higher 
intensity, the amount of current increases but the current 
stops for the same value of V.. The Fig.19.5 shows two 
curves of photoelectric current as a function of potential V 
where J, > J,, If, however, the intensity is kept constant and 
experiment is performed with different frequencies of 
incident light, we obtain the curves shown in Fig.19.6. The 
current is same but stopping potential is different for each 
frequency of incident light, which indicates the proportionality 
of maximum kinetic energy with frequency of light f. 
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The important results of the experiments are 


'. The electrons are emitted with different energies. jhe 
maximum energy of photoelectrons depends on the 
particular metal surface and the frequency of incident 
light. 


2. There is a minimum frequency below which no electrons 
are emitted, however intense the light may be. This 
threshold frequency f, varies from metal to metal. 


5. Electrons are emitted instantaneously, the intensity of 
light determines only their number, 


These results could not be explained on the basis of 
electromagnetic wave theory of light. According to this 





theory, increasing the intensity of incident light should coe 
increase the K.E. of emitted electrons which contradicts the jouer 
experimental result. The classical theory cannot also explain eee 


the threshold frequency of light. ; 
Explanation onthe Basis of Quantum Theary 






Einstein extended the idea of quantization of energy 
proposed by Max Planck that light is emitted or absorbed in 
quanta, known as photons. The energy of each photor, of 
frequency fas given by quantum theory is 


E=hf 


A photon could be absorbed by a single electron in the metal 
surface. The electron needs a certain minimum energy called 
the work function ‘®' to escape from the metal surface. If the 
energy of incident photon is sufficient, the electron is ejected 
instantaneously from the metal surface. A part of the photon 
energy (work function) is used by the electron to break away 
from the metal and the rest appears as the kinetic energy of 
the electron. Thatis, 


Incident soca energy - Work function = Max. K.E. of photoelectron 


= 


or ee hf © == mV tree! (19.12) 


This is known as Einstein's photoelectric equation. 


When K.E,,.. Of the photoelectron is zero, the frequency fis 
equal to threshold frequency f,, hence the Eq. 19.12 becomes 


aye hf,-®=0 or — O=hf, fre aannestaicns (19.13) 
Hence, we can also write Einstein's photoelectric equation as 
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KB shh bi) sees > (19.44) 


It is to be noted that all the emitted electrons do not possess 
the maximum kinetic energy, some electrons come straight 
out of the metal surface and some lose energy in atomic 
collisions before coming out. The equation 19.14 holds good 
only for those electrons which come out with full surplus 
energy. 


Albert Einstein was awarded Nobel Prize in physics in 1921 
for his explanation of photoelectric effect. 


quartz ys tube 


Note that the phenomenon of photoelectric effect cannot be 
explained if we assume that light consists of waves and 
energy is uniformly distributed over its wavefront. It can only 
be explained by assuming light consists of corpuscles of 
energy known as photon. Thus it shows the corpuscular 


nature of light. 

-» A photocell is based on photoelectric effect. A simple 

- photocell is shown in Fig. 19.7. It consists of an evacuated 
glass bulb with a thin anode rod and a cathode of an 
appropriate metal surface. The material of the cathode is 
selected to suit to the frequehcy range of incident radiation 
over which the cell is operated. For example sodium or 
potassium cathode emits electrons for visible light, cesium 
coated oxidized silver emits electrons for infrared light and 
some other metals respond to ultraviolet radiation. When 
photo-emissive surface is exposed to appropriate light 
(Fig.19.8 a), electrons are emitted and a current flows in the 
external circuit which increases with the increase in light 








(a) 













Fig 19.8 Sound track ona film which intensity. The current stops when the light beam is 
varies the intensity of light reaching interrupted. The cell has wide range of applications. Some of 
‘the photo call, 3 these are to operate: 

i: Security systems 
<M 2. Counti 
= ounting systems 

3. Automatic door systems 

sound track 4. Automatic street lighting 
2. Exposure meter for photography 
(b) j Saas = Se Sound track of movies (Fig.19.8 b) 
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forsoundtrackofmovies, wavelength 300 nm. The work function of sodium meta 
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The cut off wavelength is in the green region of the visible 
spectrum , 


Compton Effect 


Arthur Holly Compton at Washington University in 1923 
studied the scattering of X-rays by loosely bound electrons 
from a graphite target (Fig.19.9 a). He measured the 
wavelength of X-rays scattered at an angel 0 with the original 
direction. He found that wavelength 2, of the scattered X-rays 
is larger than the wavelength A, of the incident X-rays. This is 
known as Compton effect. The increase in wavelength of 
scattered X-rays could not be explained on the basis of | 
classical wave theory. Compton suggested that X-rays 
consist of photons and in the process of scattering the 
photons suffer collision with electrons like billiard balls 
(Fig.19.9 b & c). In this collision, a part of incident photon 
energy and momentum is transferred to an electron. Applying 
energy and momentum conservation laws to the process, he 
derived an expression for the change in wavelength AA 
known as Compton shift for scattering angle 0 as 
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(c) 





has 

E i] 

dimensions of length and is called Compton wavelength and 
has the numerical value 

h 6.6310 Js 


me 9.410" kgx3x 10° ms 





— = 2.43x10"* m 


If the scattered X-ray photons are observed at @ = 90°, the 
Compton shift AA equals the Compton wavelength. The 
Eq.19.15 was found to be in complete agreement with 
Compton's experimental result, which again is a striking 
confirmation of particle like interaction of electromagnetic 
waves with matter. 


Arthur Holly Compton was awarded Nobel Prize in physics in 
1927 for his discovery of the effect named after him, 





190 


Pair Production 


In the previous sections you have studied that a low energy 
photon interacting with a metal is usually completely 
absorbed with the emission of electron (Photoelectric effect) 
and a high energy photon such as that of X-rays is scattered 
by an atomic electron transferring a part of its energy to the 
electron (Compton effect). A third kind of interaction of very 
high energy photon such as that of y-rays with matter is pair 
production in which photon energy is changed into an 
electron-positron pair. Apositron is a particle having mass and 
charge equal to that of electron but the charge being of 
opposite nature i.e. positive. The creation of two particles with 
equal and opposite charges is essential for charge 
conservation in the universe. The positron is also known as 
antiparticle of electron or anti-electron. The interaction 
usually takes place in the electric field in the vicinity of a heavy 
nucleus as shown in the Fig.19.10 so that there is a particle to 
take up recoil energy and momentum is conserved. 


In the process, radiant energy is converted into matter in 
accordance with Einstein's equation E = mc’, and hence, is 
also known as materialization of energy. For an electron or 
positron, the rest mass energy = m,c’ = 0.51 MeV. Thus to 
create the two particles 2x 0.51 MeV or 1.02 MeV energy is 
required. For photons of energy greater than 1.02 MeV, the 
probability of pair production occurrence increases as the 
energy increases and the surplus energy is carried off by the 
two particles in the form of kinetic energy. The process can be 
represented by the equation 


Energy required i [eoree energy 


f photon = 
Energy of photon of the particles 


for pair production 


hf =2m,o? +K.E. (67) +KE.(@7) (19-16) 






Itis converse of pair production when a positron comes close 
to an electron they annihilate or destroy each other. The 
matter of two particles changes into electromagnetic energy 
producing two photons in the y-rays range. 


e+e — >y+y¥ 


The two photons are produced travelling in opposite 
directions (Fig. 19.11) so that momentum is conserved, Each 
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Light is, in short, the most refined 


form of matter 
1892-1987). 


(Louis de Broglie 


photon has energy 0.51 MeV equivalent to rest mass energy 
of a particle. 


The existence of positron was predicted by Dirac in 1928 and 
it was discovered in the cosmic radiation in 1932 by Carl 
Anderson. It gradually became clear that every particle has a 
corresponding antiparticle with the same mass and charge (if 
it is a charged particle) but of opposite sign. Particles and 
antiparticles also differ in the signs of other quantum 
numbers that we have not yet discussed. A particle and its 
antiparticle cannot exist together at one place. Whenever 
they meet, they annihilate each other. That is, the particles 
disappear, their combined rest energies appear in other 
forms. Proton and antiproton annihilation has also been 
observed at Lawrence Berkeley Laboratory. 


It has been observed that light displays a dual nature, it acts 
as a wave and it acts as a particle. Assuming symmetry in 
nature, the French physicist, Louis de Broglie proposed in 
1924 that particles should also possess wavelike properties. 
As momentum p of photon is given by equation 19.11. 

Pe 

i 

de Broglie suggested that momentum of a material particle of 
mass m moving with velocity v should be given by the same 
expression. Thus 


=e mv 
P A, 
or pee DAR 
p mv 


where A is the wavelength associated with particle waves. 
Hence an electron can be considered to be a particle and it 
can also be considered to be a wave. The equation 19.17 is 
called de Broglie relation. 


An object of large mass and ordinary speed has such a small 
wavelength that its wave effects such as interference and 
diffraction are negligible. For example, a rifle bullet of mass 
20 g and flying with speed 330 ms’ will have a wavelength 2 
given by 

h 663x10™ Js 


h=— => = 1x10 m 
mv 2x10 kgx330ms 
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This wavelength is so small that it is not measurable or 
detectable by any ofits effects. 


On the other hand for an electron moving with a speed of 
1x10°ms", 
“s 6.63x10™ Js 
9.1x 107" kg x 1x 10° ms” 


This wavelength is in the X-rays range. Thus, diffraction 
effects for electrons are measurable whereas diffraction or 
interference effects for bullets are not. 


=7x10°"m 





Davisson and Germer Experiment 





A convincing evidence of the wave nature of electrons was 
provided by Clinton J. Davisson and Laster H. Germer. They 
showed that electrons are diffracted from metal crystals in 
exactly the same manner as X-rays or any other wave. The 
apparatus used by them is shown in Fig. 19.12, in which 
electrons from heated filament are accelerated by an 
adjustable applied voltage V. The electron beam of energy 
Ve is made incident on a nickel crystal. The beam diffracted 
from crystal surface enters a detector and is recorded as 


current J. The gain in K.E. of the electron as itis accelerated ~ 


by a potential Vin the electron gunis 


given by Smv? =Ve 
or ‘mv? =2Ve :; m’v?=2mVe 
or mv =/2mVe 
From de Broglie equation 
azole 
my 
Pret | hi 
Thus N= fea onl ee 19.18) 
J2mVe ( 


In one of the experiments, the accelerating voltage V was 54 
volts, hence 
x Ay ==; 6.63x10™ Js 
2% 9.1x10" kgx 54 JC" «1.6«10-" 
.= 1.6610 m 


This beam of electrons diffracted from crystal surface was 
obtained for a glancing angle of 65°, According to Bragg's 








193 





Screen. 










Double sit 


Beamof | r/ 


double slit 
electrons ~ 


(a) 


Screen 





(b) 


(a) If electrons behaved as discrete 
particles with no wave properties 
they would pass through one or the 
other of the two slits and strike the 
screen. causing it to glow and 
produce exact images of the silts (b) 
In reality the screen reveals a pattern 
of bright and dark fringes similar to 
light is used and interference occurs 
between the light waves coming from 
each silt, 
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equation 


2dsin6=ma 
For 1st order diffraction m=1 
Fornickel d=0.91x10"m 
Thus 2x 0.91x 10°" mxsin65* =’ 
whichgives 4=1.65x10"m 


Thus, experimentally observed wavelength is in excellent 
agreement with theoretically predicted wavelength. 


Diffraction patterns have also been observed with protons, 
neutrons, hydrogen atoms and helium atoms thereby giving 


’ substantial evidence for the wave nature of particles. 


For his work on the dual nature of particles, Prince Louis 
Victor de Broglie received the 1929 Nobel Prize in physics. 
Clinton Joseph Davisson and George Paget Thomson 
shared the Nobel Prize in 1937 for their experimental 
confirmation of the wave nature of particles. 


Wave Par ital Duality 


Interference and diffraction of light confirm its wave nature, 
while photoelectric effect proves the particle nature of light, 
Similarly, the experiments of Davisson and Germer and 
G. P. Thomson reveal wave like nature of electrons and in the 
experiment of J. J. Thomson to find e/m we had to assume 
particle like nature of the electron. In the same way we are 
forced to assume both wavelike and particle like properties 
for all matter: electrons, protons, neutrons, molecules etc. 
and also light, X-rays, y-rays etc. have to be included in this. 
In other words, matter and radiation have a dual 'wave- 
particle’ nature and this new concept is known as wave 
particle duality. Niels Bohr pointed out in stating his principle 
of complementarity that both wave and particle aspects are 
required for the complete description of both radiation and 
matter, Both aspects are always present and either may be 
revealed by an experiment. However, both aspects cannot 
be revealed simultaneously in a single experiment, which 
aspect is revealed is determined by the nature of the 
experiment being done. If you put a diffraction grating in the 
path of a light beam, you reveal it as a wave. If you allow the 
light beam to hit a metal surface, you need to regard the 
beam as a stream of particies to explain your observations. 
There is no simple experiment that you can carry out with the 
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beam that will require you to interpret it as a wave and as a 
particle at the same time. Light behaves as a stream of 
photons when it interacts with matter and behaves as a wave 
in traveling from a source to the place where itis detected. In 
effect, all micro-particles (electrons, protons, photons, atoms 
etc.) propagate as if they were waves and exchange energies 
as if they were particles - that is the wave particle duality. 


Example 19.8: Aparticle of mass 5.0 mg moves with speed 
of 8.0 ms". Calculate its de Broglie wavelength. 


Solution: 
m=5.0 mg = 5.0 x 10° kg 


v=80ms. 
h=6.63 x 10” Js 
h 6.63x10™ Js 


fe i eens 
me 5.010" kgx8.0ms 

Example 19.9: An electron is accelerated through a 
Potential Difference of 50 V. Calculate its de Broglie 
wavelength. 


Using A= 


Solution: 
m=9.1x10™' kg, V,=50V, 
A=?, @=1.6x10°"C 
; mv* =Vie 
p=mv =,/2mV,e 
h h 
then i, =-—=—— 
p V2 mvV.e 
6.63x10™ Js 





2x9.1x10' kgx 50 JC'x1.6x10°"° C 


% =1.74=x10°° m 






Uses of Wave Nature of Particles 

The fact that energetic particles have extremely short 
de Broglie wavelengths has been put to practical use in many 
ultra-modern devices of immense importance such as 
electron microscope. 
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second stage 
magnified image 


Electron microscope ( Block Diagram) 


Fig. 19.13 





In the subatomic world few things can 
be predicted with 100% precision. 





Electron Microscope 


Electron microscope makes practical use of the wave nature 
of electrons which is thousands of time shorter than visible 
light which enables the electron microscope to distinguish 
details not visible with optical microscope. In an electron 
microscope, electric and magnetic fields rather than optical 
lenses are used to focus electrons by means of 
electromagnetic forces that are exerted on moving charges. 
The resulting deflections of the electrons beams are similar 
to the refraction effects produced by glass lenses used to 
focus light in optical microscope. The electrons are 
accelerated to high energies by applying voltage from 30 kV 
to several megavolts. Such high voltages give extremely 
short wavelength and also give the electron sufficient energy 
to penetrate specimen of reasonable thickness. Aresolution 
of 0.5 to 1 nm is possible with a 50 kV microscope as 
compared to best optical resolution of 0.2 um. A schematic 
diagram of the electron microscope is shown in the Figure 
19.13. The magnetic conducting lens concentrates the beam 
from an electron gun on to the specimen. Electrons are 
scattered out of the beam from the thicker parts of the 
specimen. The transmitted beam therefore has spatial 
differences in density that correspond to the features of the 
specimen. The objective and intermediate lenses produce a 
real intermediate image and projection lens forms the final 
image which can be viewed on a fluorescent screen or 
photographed on special film known as electron micrograph. 
A three dimensional image of remarkable quality can be 
achieved by modern versions called scanning electron 


1H One 


Position and momentum of a particle cannot both be 
measured simultaneously with perfect accuracy. There is 
always a fundamental uncertainty associated with any 
measurement. This uncertainty is not associated with the 
measuring instrument, It is a consequence of the wave 
particle duality of matter and radiation. This was first 
proposed by Werner Heisenberg in 1927 and hence isknown 
as Heisenberg Uncertainty Principle. This fundamental 
uncertainty is completely negligible for measurements of 
position and momentum of macroscopic objects but is a 
predominant fact of life in the atomic domain. For example, a 
stream of light photons scattering from a flying tennis ball 
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hardly affects its path, but one photon striking an electron 
drastically alters the electron's motion. Since light has also 
wave properties, we would expect to be able to determine the 
position of the electron only to within one wavelength of the 
light being used. Hence, in order to observe the position of an 
electron with less uncertainty and also for minimizing 
diffraction effect, we must use light of short wavelength. But it 
will alter the motion drastically making momentum 
measurement less precise. If light of wavelength 4. is used to 
locate a micro particle moving along x-axis, the uncertainty in 
its position measurementis 
AX =i 
At most, the photon of light can transfer all its momentum 


h 
(=| to the micro particle whose own momentum will then be 


uncertain by an amount 
h 
Ap = 7 
Multiplying these two uncertainties gives 
axap={ | ates (19.19) 


The equation 19.19 is the mathematical form of uncertainty 
principle. It states that the product of the uncertainty Ax in the 
position of a particle at some instant and the uncertainty Ap in 
the x-component of its momentum at the same instant 
approximately equals Planck's constant h. 


There is another form of uncertainty principle which relates 
the energy of a particle and the time at which it had the 
energy. If the AE is the uncertainty in our knowledge of the 
energy of our particle and if the time interval during which 


AE | At 
the particle had the energy E+ 3 i's i+ re then 


AE.Ateh ——.....s.. (19.20) 


Thus more accurately we determined the energy of a particle, 
the more uncertain we will be of the time during which it has 
that energy. 


According to Heisenberg's more careful calculations, he 
found that at the very best 
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You ca an Me evel : ccuratel ‘describe al 
aspects of a subatomic particle at 


Ax. Ap2h ee ae 
and REARS We = Siiten (19.22) 


h 
where = —=1.05x10" Js 
27 


Werner Karl Heisenberg received Nobel Prize for physics in 
1932 for the development of quantum mechanics. 


Example 19.10: The life time of an electron in an excited 
state is about 10° s. What is its uncertainty in energy during 
this time? 


Solution: 
Using uncertainty principle 
AE.At =h 
-H i 
hee eee Js 
At 10° s 


AE =1.05x107" J 


Example 19.11: An electron is to be confined to a box of the 
size of the nucleus (1.0 x 10" m). What would the speed of 
the electron be if it were so confined? 


Solution: 


Maximum uncertainty in the location of electron equals the 
size of the box itself that is Ax = 1.0 x 10" m. The minimum 
uncertainty in the velocity of electron is found from 


Heisenberg uncertainty principle 
_ 
or mAV = 
dyes" 1.05107 8 __ 4. 45x10 ms" 


~ max 9.1%10" kex1.0x10™ m 


For confinement in the box, the speed should be greater than 
the speed of light. Because this is not possible, we must 
conclude that an electron can never be found inside the 
nucleus. 
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19.2 


19.3 





An inertial frame of reference is defined as a coordinate system in which the law of 
inertia is valid. A frame of reference that is not accelerating is an inertial frame of 
reference. 


The special theory of relatively treats problems involving inertial or non-accelerating 
frames of reference. ltis based upon two postulates. 


(i) The laws of physics are the same in all inertial frames. 


(ii) The speed of light in free space has the same value for all observers, 
regardless of their state of motion. 


F=me is animportant result of special theory of relativity 


A black body is a solid block having a hollow cavity within it. Ithas small hole and the 
radiation can enter or escape only through this hole. 

Stephen Boltzmann law states that total energy radiated over all wave length at a 
particular temperature is directly proportional to the fourth power of that Kelvin 
temperature. 

The emission of electrons from a metal surface when exposed to ultraviolet light is 
called photoelectric effect. The emitted electrons are known as photoelectrons. 
When X-rays are scattered by loosely bound electrons from a graphite target, it is 
known as Compton effect. 

The change of very high energy photon into an electron, positron pair is called pair 
production. 


When a positron comes close to an electron, they annihilate and produce two 
photons inthe y-rays range. tis called annihilation of matter. 


Position and momentum of a particle cannot both be measured simultaneously with 
perfect accuracy. There is always a fundamental uncertainty associated with any 
measurement. It is a consequence of the wave particle duality of matter and 
radiation. Itis known as Heisenberg uncertainty principle. 


What are the measurements on which two observers in relative motion will always 
agree upon? 


Does the dilation means that time really passes more slowly in moving system or 
thatit only seems to pass more slowly? 


if you are moving in a spaceship at a very high speed relative to the Earth, would you 
notice a difference (a) in your pulse rate (b) in the pulse rate of people on Earth? 
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19.4 


19.5 


19.6 
18.7 


19.8 


19.9 


19.10 
19.11 


19.12 


19.13 


19.14 
19.15 
19.16 


19.17 


19.18 
19.19 
19.20 
19.21 


19.22 


19.23 
19.24 


19.25 
19.26 
19.27 


If the speed of light were infinite, what would the equations of special theory of 
relativity reduce to? 

Since mass is a form of energy, can we conclude that a compressed spring has more 
mass than the same spring when itis not compressed? 

Asa solid is heated and begins to glow, why does it first appear red? 

What happens to total radiation from a blackbody if its absolute temperature is 
doubled? 

A beam of red light and a beam of blue light have exactly the same energy. Which 
beam contains the greater number of photons? 

Which photon, red, green, or blue carries the most (a) energy and (b) 
momentum? 

Which has the lower energy quanta? Radiowaves or X-rays 


Does the brightness of a beam of light primarily depends on the frequency of 
photons or on the number of photons? 


When ultraviolet light falls on certain dyes, visible light is emitted. Why does this not 
happen when infrared light falls on these dyes? 


Will bright light eject more electrons from a metal surface than dimmer light of the 
same colour? 

Will higher frequency light eject greater number of electrons than low frequency light? 
When light shines on a surface, is momentum transferred to the metal surface? 

Why can red light be used in a photographic dark room when developing films, buta 
blue or white light cannot? 

Photon A has twice the energy of photon B. Whatis the ratio of the momentum of Ato 
that of B? 

Why don't we observe a Compton effect with visible light? 

Can pair production take place in vacuum? Explain 

is it possible to create a single electron from energy? Explain. 


lf electrons behaved only like particles, what pattern would you expect on the screen 
after the electrons passes through the double slit? 


lf an electron and a proton have the same de Broglie wavelength, which particle has 
greater speed? 
We do not notice the de Broglie wavelength for a pitched cricket ball, Explain why? 


If the following particles have the same energy, which has the shortest wavelength? 
Electron, alpha particle, neutron, proton. 


When does light behave as a wave? When does it behave as a particle? 
What advantages an electron microscope has over an optical microscope? 


lf measurements show a precise position for an electron, can those 
measurements show precise momentum also? Explain. 
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19.1 


19.2 


19.3 


19.6 


19.7 


19.8 


19.9 


19.10 





A particle called the pion lives on the average only about 2.6 x 10™ s when at rest 
in the laboratory. It then changes to another form. How long would such a particle 


live when shooting through the space at 0.95 c? [Ans. 8.3 x 10° 5] 
What is the mass of a 70 kg man in a space rocket traveling at 0.8 ¢ from us as 
measured from Earth? [Ans. 116.7 kg] 


Find the energy of photon in 
(b) Radiowave of wavelenath 100m 
(c) Green light of wavelength 550 nm 
(d) X-ray with wavelength 0.2nm 
[Ans. (a) 1.24 x 10° eV (b) 2.25 eV (c) 6200 eV ] 


Yellow light of 577 nm wavelength is incident on a cesium surface. The stopping 
voltage is found to be 0.25 V. Find 
(a) the Maximum K.E. of the photoelectrons 
(b) the work function of cesium 

[Ans. (a) 4x 10” J (b) 1.91 eV] 
X-rays of wavelength 22 pm are scattered from a carbon target. The scattered 


radiation being viewed at 85° to the incident beam. What is Compton shift? 
[Ans. 2.2 x 10% m] 


A 90 keV X-ray photon is fired at a carbon target and Compton scattering occurs. 
Find the wavelength of the incident photon and the wavelength of the scattered 
photon for scattering angle of (a) 30° (b) 60° 

[Ans. 13.8 pm (a) 14.1 pm (b) 15 pm] 


What is the maximum wavelength of the two photons produced when a positron 
annihilates an electron? The rest mass energy of each is 0.51 MeV. 
[Ans. 2.44 x 10” m] 


Calculate the wavelength of 
(a) a140gballmovingat40 ms" 
(b) aproton moving at the same speed 


(c) an electron moving at the same speed 
[Ans. (a) 1.18 x 10 m (b) 9.92 nm (c) 1.82 x 10° m] 


Whatis the de Broglie wavelength of an electron whose kinetic energy is 120 eV? 
[Ans. 1.12 x 10" m] 


An electron is placed in a box about the size of an atom that is about 1.0 x 10°” m. 
What is the velocity of the electron? [Ans.7.29x10° ms] 
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rning Objectives 
At the end of this chapter the students will be able to: 
Know experimental facts of hydrogen spectrum. 
Describe Bohr's postulates of hydrogen atom. 
Explain hydrogen atom in terms of energy levels. 
_ Describe de-Brogile’s interpretation of Bohr's orbits. 
_ Understand excitation and ionization potentials. 

De 






escribe uncertainty regarding position of electron in the atom. 

_ Understand the production, properties anduses of X-rays. 
Describe the terms spontaneous emission, stimulated emission, metastable states 

__ and population inversion. 

__ Understand laser principle. 

10 Describe the He-Ne gas laser. ay 

11. Describe the application of laser including holography. 
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BD nc branch of physics that deals with the investigation of wavelengths and intensities of 
electromaanetic radiation emitted or absorbed by atoms is called spectroscopy. It includes 
the study of spectra produced by atoms. In general there are three types of spectra called (i) 
continuous spectra, (ii) band spectra, and (iil) discrete or line spectra. 


Black body radiation spectrum, as described in chapter 19 is an example of continuous 
spectra; molecular spectra are the examples of band spectra while the atomic spectra, 
which we shall investigate in detail in this chapter, are exa mples of discrete or line spectra. 


When an atomic gas or vapour at much less than atmospheric pressure is suitably excited, 
usually by passing an electric current through it, the emitted radiation has a spectrum, which 
contains certain specific wavelengths only. An idealized arrangement for observing such 
Saab spectra is shown in Fig. 20.1. Actual spectrometer uses diffraction grating for better 
results. 


The impression on the screen is in the form of lines if the slit in front of the source Sis narrow 
rectangle. Itis forthis reason that the spectrumis referred to as line spectrum. 


The fact that the spectrum of any element contains wavelengths that exhibit definite 
regularities was utilized in the second half of the 19” century in identifying different elements. 
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Red 





Blue green 
et 
violet 
Fig. 20.1 Line spactrum of hydrogen 
These regularities were classified into certain groups called 
the spectral series. The first such series was identified by J.J 
Balmer in 1885 in the spectrum of hydrogen. This series, : 
called the Balmer series, is shown in Fig.20.2, and is in the E - € E 
visible region of the electromagnetic spectrum. 8 o = 


The results obtained by Balmer were expressed in 1896 by 
JR cece in ithe yee mathematical Meum : 





: 
sea ae 


; 2 aaa ae Red ke Biue Violet UV 
= — = — = ae = rhb hee et (20.1) oan 
a F=Ry| SF = eee SS Fi 

ig. 20.2 


where R, is the Rydberg's constant. Its value is 
1.0974 x 10’ m’. Since then many more series have been 
cieeorees and ie hove a in predicting the arrangement 





Atomic Spec trum of Hvdroaen 





The Balmer series contain wavelengths in the visible portion 


of the hydrogen spectrum. The spectral lines of hydrogen in Different types of spectra 
the ultraviolet and infrared regions fall into several other | : 
series. In the ultraviolet region, the Lyman series containsthe | : 


vele it | 
sWwavelenat hs.glven by thie formu = e. (8) Continuous spectrum 


where n=2,3,4, beaaee (b) Line spectrum 


In the infrared region, three spectral series have been found 
whose lines have the wavelengths specified by the formulae: oe ee 
(¢) Band spectrum 






a mf —_ 
he j hylan en 
| Seen ee (OS 
aed e 
; . : r 
et ee | —<- ai Say 
> 3 f= =t r ae 
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Paschen series 


where 


Brackett series 


where 
Pfund series 


where n=6, 7,8, ...08:3 


The existence of these regularities in the hydrogen spectrum 
together with similar regularities in the spectra of more 
complex elements, proposes a definite test for any theory of 
atomic structure. 


In order to explain the empirical results obtained by Rydberg, 
Neils Bohr, in 1913, formulated a model of hydrogen atom 
utilizing classical physics and Planck's quantum theory. This 
semi classical theory is based on the following three 
postulates: 


¥ “yduapaneyy, 


SHIBS UAYISeY 


Postulate |: An electron, bound to the nucleus in an atom, 
can move around the nucleus in certain circular orbits without 
radiating. These orbits are called the discrete stationary 
states of the atom. 










‘the Balmer series lies in the 
eae 


a Sr as 


Postulate II: Only those stationary orbits are allowed for 
which orbital angular momentum is equal to an integral 


multiple of Le 
2m 


mya ieee 75), 
2 
where n=1, 2,3, ...... and nis called the principal quantum 


number, m and v are the mass and velocity of the orbiting 
electron respectively, and his Planck's constant. 
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Postulate Ill: Whenever an electron makes a transition, 
that is, jumps from high energy state E, to a lower energy 
state E., a photon of energy h fis emitted so that 


hf=E,-E, FAAS (20.7) 
where f=c/i is the frequency of the radiation emitted. 
de-Broglie's Interpretation of Bohr's Orbits 

Helium was identified in the Sun 


At the time of formulation of Bohr's theory, there was no using speciosa. before it was 
justification for the first two postulates, while Postulate Ill had Severed on earth 

some roots in Planck's thesis. Later on with the development 

of de Broglie's hypothesis, some justification could be seen in 

Postulate || as explained below: 








Fig. 20.3, foass Poles se tele 


Standing de Broglie waves of electrons around the circumference of Bohr orbits. ‘onastring. ee: 
Consider a string of length £as shown in Fig. 20.3 (a). If this is 
put into stationary vibrations, we must have ¢= ni. where nis 
an integer. Suppose that the string is bent into circle of radius 
r, as demonstrated for n = 3 and n =6 in Fig. 20.3 (b) and (c), 


so that 
€=2nr=nar 
2nr 
or Psat peel vasedeheees (20.8) 
From de Broglie's hypothesis 
h 
“p mv 
nN -20r 
thus mv n 
nh 
or myvr=—— 


which is Postulate II. 
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Quantized Radii 


Consider a hydrogen atom in which electron moving with veloc 
v, is in stationary circular orbit of radius r.. From Eq. (20.6), 


ean 
" 22mr, 


For this electron to stay in the circular orbit, shown in 





. (20.9) 


fi 





Fig. 20.4, the centripetal force F, = is provided by the 
Z n 


Coulomb's force F, << where eis the magnitude of charge 


on electron as well as on the hydrogen nucleus consisting of 
a single proton. Thus, 





Fig. 20.4 | BV CGS oe as AW) 





where constant k is equal to 


o 
After substituting for v, from Eq. 20.9, we have 
2n2 
n*h 


 SeOPLCKT: SHAT Soe 
" 4n* kme* 
2 


er, ners (20.11) 


where 1, =7-3, 3 = 0.053nm 

This agrees with the experimentally measured values and is 
called the first Bohr orbit radius of the hydrogen atom. Thus 
according to Bohr's theory, the radii of different stationary 
orbits of the electrons in the hydrogen atom are given by 





Sy as =r, 497,90, 166, ciks. 


Tha: fret-Bohr orbit ii the hydregan Substituting the value of r, from Eq. 20.11 in Eq. 20.9, the 
atom has aradiusr,=53x10%m speedofelectroninthenth orbitis 


The second and third Bohr orbits 9x ke® Ge 
have radii r,=4r, and r,=9r, oS sears (20.12) 
respectively. hr nh oe 





Quantized Energies 
Let us now calculate the total energy E, of the electron in the 
Bohr orbit; E, is the sum of the kinetic energy K.E. and the 
potential energy U.i.e., 


1 ke? 
Ee =K.E.+U =o mu ke eeeeennes (20.13) 








Mh 
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By rearranging Eq. (20.10), we get 





1 3 ke? 4 : rea eee 

<i) -. ——" ee Getta Ct 20.14 i 

; 2 fe PS oe ~ : r = ( ) 

: ka" ker ke? eae 
then Ep op ee (20-18) 


e 


1 (2n2kme*) __E, ee 
Ee | ag a ee 20.16. 
2 z | z 4 


which is the energy required to completely remove an electron 
from the first Bohr orbit. This is called ionization energy. The 
ionization energy may be provided to the electron by collision 
with an external electron, The minimum potential through 
which this external electron should be accelerated so that it 
can supply the requisite ionization energy is known as 
ionization potential. Thus for n = 1, 2, 3,...... we get the 
allowed energy levels of a hydrogen atom to be 


ES Ep HO cae 
4 S46 
The experimentally measured value of the binding energy of 
the electron in the hydrogen atom is in perfect agreement 
with the value predicted by Bohr theory. 


Normally the electron in the hydrogen atom is in the lowest 
energy state corresponding to n = 1 and this state is called 
the ground state or normal state. When itis in higher orbit, itis 
said to be in the excited state. The atom may be exited by 
collision with externally accelerated electron. The potential 
through which an electron should be accelerated so that, on 
collision it can lift the electron in the atom from its ground 
state to some higher state, is known as excitation potential. 





|'Hydrogen Emission Spectrum | 


The results derived above for the energy levels along with 
Postulate ||| can be used to arrive at the expression for the 
wavelength of the hydrogen spectrum. Suppose that the 
electron in the hydrogen atom is in the excited state n with 
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energy E, and makes a transition to a lower state p with 
energy E., where E,<E,, then 


hf=E,-E, 








legge er et Mie _ Bs 
ae ene Rote outer where E,=- =) and FE =- ae 
(| 1 
hence hf=-E, a 
Substituting for f=c/. and rearranging 
J Soil) SAL 
BRE ont 
or —=f — - — ree (20.17) 


where R, is the Rydberg constant given by the equation 











0 |e me EH E 
“B38 enh R,, rane 0974x10'm a... = (20.18) 
- 0.54 nes 
- 0.85 n=4 Which agrees well with the latest measured value for 


hydrogen atom. 


Eq. 20.17 reduces to the empirical result derived by Rydberg 
and given by Eq 20.1, provided that we substitute p = 2 and 
n=3,4,5,....... The different energy levels corresponding to 
"=2 Eq 20.17 are showninFig. 20.5. 


Senes Limit 


The transitions of electrons in the hydrogen or other light 
elements result in the emission of spectral lines in the infrared, 
visible or ultraviolet region of electromagnetic spectrum due to 
small energy differences in the transition levels. 
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In heavy atoms, the electrons are assumed to be arranged in Ejected 
concentric shells labeled as K, L, M, N, O etc., the K shell gece 
being closest to the nucleus, the L shell next, and so on 
(Fig. 20.6). The inner shell electrons are tightly bound and . 
large amount of energy is required for their displacement Pe ae pray 
from their normal energy levels. After excitation, when an f ~ ‘ 

atom returns to its normal state, photons of larger energy are 
emitted. Thus transition of inner shell electrons in heavy 
atoms gives rise to the emission of high energy photons or X- 
rays. These X-rays consist of series of specific wavelengths 
or frequencies and hence are called characteristic X-rays. 
The study of characteristic X-rays spectra has played a very 
important role in the study of atomic structure and the 
periodic table of elements. 





Incident 
high energy 


Fig. 20.7 shows an arrangement of producing X-rays. It @estron 
consists of a high vacuum tube called X-ray tube. When Fig. 20.6 
the cathode is heated by the filament F, it emits electrons 
which are accelerated towards the anode T. If V is the 
= = Pe 
High vollage 


Production of X-rays 





Cathode Tungsten disc Anode 
= Cooling oil 


= 


M-fays 


Filament 
Thay 








Ce ee eo 





| a | 





Evacuated glass tube 





Fig. 20.7 
potential difterence between C and T, the Kinetic energy K.E. 
with which the electron strike the target is given by 
ae ee ee See a eee ean ieee (ter race 


- J - on = 3 a ( 
= 5) : am EE es Fa oe af a? = tes on te % 
- F ry ie ee en 4 += 
es chaceatae nt = 7m a 


i pe ee gh eSeenpe rae | in 
Suppose that these fast moving electrons of energy Ve strike 
a target made of tungsten or any other heavy element. It is 
possible that in collision, the electrons in the innermost 
shells, such as K or L, will be knocked out. Suppose that one 


of the electrons in the K shell is removed, thereby producing 
a vacancy or hole in that shell. The electron from the L shell 
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Fig. 20.6 


jumps to occupy the hole in the K shell, thereby emitting a 
photon of energy h f,, called the K, X-ray given by 


hf, =, -&, anlar ee (20.20) 
Itis also possible that the electron from the M shell might also 


jump to occupy the hole in the K shell. The photons emitted 
are K, X-ray with energies 

hf,=E,- E, eeeinad (20.21) 
these photons give rise toK, X-ray and so on, 
The photons emitted in such transitions i.¢., inner shell 
transitions are called characteristic X-rays, because their 
energies depend upon the type of target material. 
The holes created in the L and M shells are occupied by 
transitions of electrons from higher states creating more 


X-rays. The characteristic X-rays appear as discrete lines on 
a continuous spectrum as shown in Fig. 20.8. 





The Continuous X-ray Spectrum 


The continuous spectrum is due to an effect known as 
bremsstranlung or braking radiation. VWhen the fast moving 
electrons bombard the target, they are suddenly siowed 
down on impact with the target. We know that an accelerating 
charge emits electromagnetic radiation. Hence, these 
impacting electrons emit radiation as they are strongly 
decelerated by the target. Since the rate of deceleration is so 
large, the emitted radiation correspond to short wavelength 
and so the bremsstrahlung is in the X-ray region. In the case 
when the electrons lose all their kinetic energy in the first 
collision, the entire kinetic energy appears as a X-ray photon 
of energy hf... |.€., 


K.E. =P fiw 


The wavelength 4.,,, in Fig. 20.8 corresponds to frequency 
f_.. Other electrons do not lose all their energy in the first 
collision. They may suffer a number of collisions before 
coming to rest. This will give rise to photons of smaller energy 
or X-rays of longer wavelength. Thus the continuous 
spectrum is obtained due to deceleration of impacting 
electrons. 


Properties and Uses of X-rays 





X-rays have many practical applications in medicine and 
industry. Because X-rays can penetrate several centimetres 
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into a solid matter, so they can be used to visualize the 
interiors of the materials opaque to ordinary light, such as 
fractured bones or defects in structural steel. The object to be 
visualized is placed between an X-ray source and a large 
sheet of photographic film; the darkening of the film is 
proportional to the radiation exposure. A crack or air bubble 
allows greater amount of X-rays to pass. This appears as a 
dark area on the photographic film. Shadow of bones 
appears lighter than the surrounding flesh. Itis due to the fact 
that bones contain greater proportions of elements with high 
atomic number and so they absorb greater amount of 
incident X-rays than flesh. In flesh, light elements like carbon, 
hydrogen and oxygen predominate. These elements allow 
greater amount of incident X-rays to pass through them. 


CAT -Scanner 


In the recent past, several vastly improved X-ray techniques 
have been developed. One widely used system is 
computerized axial tomography; the corresponding 
instrument is called CAT-Scanner. The X-ray source 
produces a thin fan-shaped beam that is detected on the 
opposite side of the subject by an array of several hundred 
detectors in a line. Each detector measures absorption of 
X-ray along a thin line through the subject. The entire 
apparatus is rotated around the subject in the plane of the 
beam during a few seconds. The changing reactions of the 
detector are recorded digitally; a computer processes this 
information and reconstructs a picture of different densities 
over an entire cross section of the subject. Density 
differences of the order of one percent can be detected with 
CAT-Scans. Tumors, and other anomalies much too small to 
be seen with older techniques can be detected. 


| Biological Effects of X-rays 


X-rays cause damage to living tissue. As X-ray photons are 
absorbed in tissues, they break molecular bonds and create 
highly reactive free radicals (such as H and OH), which in 
turn can disturb the molecular structure of the proteins and 
especially the genetic material. Young and rapidly growing 
cells are particularly susceptible; hence 
X-rays are useful for selective destruction of cancer cells. On 
the other hand a cell may be damaged by radiation but 
survive, continue dividing and produce generation of 
defective cells. Thus X-rays can cause cancer. Even when 
the organism itself shows no apparent damage, excessive 
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An X-ray picture of a hand. 





“In CAT scanning a “fanned-out" array 
of X-ray beams is directed through 
the patient from a number of different 
orientations. 








{b) 





(a) This two-dimensional CAT scan 
of a brain reveals a large gh 
tumor (colored purple}. {b) Three- 
dimensional CAT scans are now 
available and this example reveals an 
arachnoid cyst ( colored yellow) 
within a skull In In both photographs the 
colors are having been 
computer generated to aid in 
distinguishing anatomical features. 


radiation exposure can cause changes in their productive 
system that will affect the organism's offspring. 


One of the characteristics of dual nature of matter is a 
fundamental limitation in the accuracy of the simultaneous 
measurement of the position and momentum of a particle. 


Heisenberg showed that this is given by the equation 


AD AX > pil 


2it 
However, these limitations are significant in the realm of 
atom. One interesting question is whether electrons are 
present in atomic nuciei. As the typical nucle: ars ess than 
10“ m in diameter, for an eléctroh to ‘be confined within such a 
nucleus, the uncertainty in its position is of the order of 10 “* m 
The comesponding uncertainty in the electron's momentum is 

h 


> —_- 
AP 2 Kx 
6.6310 Js is 
249-4, = 6.63x 10 kg ms" 
As Ap=m Av 
6.63 x10" kgms™ Kil 
Hence AV= 7 27.3x10° ms 


9.11x10 kg 


Hence, for the electron to be confined to a nucleus, its speed 
would have to be greater than 10” ms’ i.e., greater than the 
speed of light. Because this is impossible, we must conclude 
that an electron can never be found inside of a nucleus. But 
can an electron reside inside the atom? To find this, we again 
calculate the speed of an electron and if it turns to be less 
than the speed of light, we have reasonable expectation of 
finding the electron within the atom but outside the nucleus. 
The radius of the hydrogen atom is about 5 x 10” m. Applying 
the uncertainty principle to the momentum of electron in the 
atom we have 


Ap> n 
es 
P= AX 
As Ap=m Av 
fh 
Therefore, Aye ——— 
MAX 
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Foran atom Axis givenas5x10°'m 
__*. 6.63x10™ Js 
~ 9.41% 10% kg x 5x 107 m 


= 1.46 x 10’ ms" 


Thus 


This speed of the electron is less than the speed of light, | 


therefore, it can exist in the atom but outside the nucleus. 


Laser is the acronym for Light Amplification by Stimulated 
Emission of Radiation. As the name indicates, lasers are 
used for producing an_ intense. monochromatic, and 
unidirectional coherent beam of visible light. To understand 
the working of a laser, terms such as stimulated emission and 
population inversion must be understood. 





=pontaneous and Stimulated Emissions 


Consider a sample of free atoms some of which are in the 


ground state with energy E, and some inthe excited state E.. 


as shown in Fig. 20.9. The photons of energy hf=€,- E, are 
incident on this sample. These incident photons can interact 
with atoms in two different ways. In Fig. 20.9 (a) the incident 
photon is absorbed by an atom in the ground state E,, thereby 
leaving the atom in the excited state E,. This process is called 
stimulated or induced absorption. Once in the excited state, 
two things can happen to the atom. (i) It may decay by 
spontaneous emission as shown in Fig. 20.9 (b), in which the 
atom emits a photon of energy h f= E, - E, in any arbitrary 
direction. - 


The other alternative for the atom in the excited state E, is to 
decay by stimulated or induced emission as shown in 
Fig.20.9 (c). In this case the incident photon of energy 
h f= E, - E, induces the atom to decay by emitting a photon 
that travels in the direction of the incident photon. For each 
incident photon we will have two photons going in the same 
direction thus we have accomplished two things; an amplified 
as well as a unidirectional coherent beam. From a practical 
point this is possible only if there is more stimulated or 
induced emission than spontaneous emission. This can be 
achieved as described in the next section. 
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Induced absorption 
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(b) 


E | . E, 
Spontaneous emission 
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(c) 


Induced emission 


Fig 20.9 





E 
{Larger energy) 


E. 999000- 
(Smaller anergy) 

(a) Normal population 
A normal population of atomic 
anergy state, with more atomic In the 
lower energy state E, than in the 
excited state E,. 


E 00306000 


E 
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(b) Population inversion 


A. population inversion, in which the 
higher energy state has a greater 
population than the lower energy 
state . 





Population Inversion and Lasey Action 


Let us consider a simple case of a material whose atoms can 
reside in three different states as shown in Fig. 20.10, state 






/\\v— 
_vf\\— 


E, 


Optical pumping 







~i0"s 


Fig. 20.10 


Ns 


N, > iM, 


Ni, 


E. which is ground state; the excited state &,, in which the 
atoms can reside only for 10° s and the metastable state E., 
in which the atoms can reside for ~10° s, much longer than 
40s. A metastable state is an excited state in which an 
excited electron is unusually stable and from which the 
electron spontaneously falls to lower state only after 
relatively longer time. The transition from or to this state are 
difficult as compared to other excited states. Hence, instead 
of direct excitation to this state, the electrons are excited to 
higher level for spontaneous fall to metastable state. Also let 
us assume that the incident photons of energy h f= &, - FE. 
raise the atom from the ground state E, to the excited state £,, 
but the excited atoms do not decay back to E,. Thus the only 
alternative for the atoms in the excited state E, is to decay 
spontaneously to state E,, the atoms reach state E, much 
faster than they leave state E,.. This eventually leads to the 
situation that the state E, contains more atoms than state Bi. 
This situation is known as population inversion. 


Once the population inversion has been reached, the lasing 
action of a laser is simple to achieve. The atoms in the 
metastable state E, are bombarded by photons of energy 
hf = E, - E,, resulting in an induced emission, giving an 
intense, coherent beam in the direction of the incident 


photon. 
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The emitted photons must be confined in the assembly long 
enough to stimulate further emission from other excited 
atoms, This is achieved by using mirrors at the two ends of 
the assembly. One end is made totally reflecting, and the 
other end is partially transparent to allow the laser beam to 
escape (Fig.20.11). As the photons move back and forth 
between the reflecting mirrors they continue to stimulate 
other excited atoms to emit photons. As the process 
continues the number of photons multiply, and the resulting 
radiation is, therefore, much more intense and coherent than 
light from ordinary sources. 


Helium--Neon Laser 


it is a most common type of lasers used in physics 
laboratories. Its discharge tube is filled with 85% helium and 
45% neon gas. The neonis the lasing or active medium in this 
tube. By chance, helium and neon have nearly identical 
metastable states, respectively located 20.61 eV and 
20.66 eV level. The high voltage electric discharge excites 
the electrons in some of the helium atoms to the 20.61 eV 
state, In this laser, population inversion in neon is achieved 
by direct collisions with same energy electrons of helium 
atoms. Thus excited helium atoms collide with neon atoms, 
each transferring its own 20.61 eV of energy to an electron in 
the neon atom along with 0.05 eV of K.E. from the moving 
atom. As a result, the electrons in neon atoms are raised to 
the 20.66 eV state. In this way, a population inversion is 
sustained in the neon gas relative to an energy level of 
18.70 eV. Spontaneous emission from neon atoms initiate 
laser action and stimulated emission causes electrons in the 
neon to drop from 20.66 eV to the 18.70 eV level and red 
laser light of wavelength 632.8 nm corresponding to 1.96 eV 
energy is generated (Fig. 20.12). 





Uses of Laserin Medicine and Industry 


1. Laser beams are used as surgical tool for "welding" 
detached retinas. 
2. The narrow intense beam of laser can be used to 


destroy tissue in a localized area. Tiny organelles 
with a living cell have been destroyed by using laser 
to study how the absence of that organelle affects the 
behavior of the cell. 


3. Finely focused beam of laser has been used to 
destroy cancerous and pre-cancerous cell. 
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Fig. 20.71 





Fig. 20.12 





4. The heat of the laser seals off capillaries and lymph 
Do You Know? vessels to prevent spread of the disease. 


o. The intense heat produced in small area by a laser: 
beam Is also used for welding and machining metals 
and for drilling tiny holes in hard materials. 


6. The precise straightness of a laser beam is also 
useful to surveyors for lining up equipment especially 
in inaccessible locations. 


t. It is potential energy source for inducing fusion 
reactions. 
Tis RGA nool usar GoRN ie boing 8. i be used for telecommunication along optical 
used to diagnose diseases of the eye, IDTes. 


The use of laser technology in the 9 
field of ophthalmology is widespread. 


iii. 


Laser beam can be used to generate three- 
dimensional images of objects in a process called 
holography. 


SUMMARY 


When an atomic gas or vapours at less than atmospheric pressure is suitably 
excited, usually by passing electric current through it, the emitted radiation has a 
spectrum which contains certain specific wavelengnts only. 

Postulates of Bohr's model of hydrogen atom are: 


An electron, bound to the nucleus in an atom, can move around the nucleus in 
certain circular orbits without radiating. These orbits are callé¢ the discrete 
stationary states of the atom. 


Only those stationary states are allowed for which orbital angular momentum is 


nh 
equal to anintegral multiple ofhi.e., mvr= On 


Whenever an electron makes a transition, j.e., jumps from high energy state E, toa 
lower energy state E,, a photon of energy h fis emitted so that hf=E. -E.. 


The transition of electrons in the hydrogen or other light elements result in the 
emission of spectral lines in the infrared, visible or ultraviolet region of 
electromagnetic spectrum due to small energy differences in the transition levels, 


The X-rays emitted in inner shell transitions are called characteristic X-rays, 
because their energy depends upon the type of target material. 


The %-rays that are emitted in all directions and with a continuous range of 
frequencies are known as continuous X-rays. 


Laser is the acronym for Light Amplification by Stimulated Emission of Radiation. 
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The incident photon absorbed by an atom in the ground state E,, thereby leaving 
the atom in the excited state E, is called stimulated or induced absorption, 


Spontaneous or induced emission is that in which the atom emits a photon of energy 
hf=E,-E,in any arbitrary direction. 

Stimulated or induced emission is that in which the incident photon of energy hf=E,-E, 
induces the atom to decay by emitting a photon that travels in the direction of the 


incident photon. For each incident photon, we will have two photons going in the same 
direction giving rise to an amplified as well as a unidirectional coherent-beam,. 


QUESTIONS 


Bohr's thearyof hydrogen atom is based upon several assu mptions. Do any of these 
assumptions contradict classical physics? 


What is meant by a line spectrum? Explain, how line spectrum can be used for the 


. identification of elements? — 


Can the electron in the ground state of hydrogen absorb a photon of energy 
13.6 eV and greater than 13.6 eV? 


How can the spectrum of hydrogen contain so many lines when hydrogen contains 
one electron? 


Is energy conserved when an atom emits a photon of light? 


Explain why a glowing gas gives only certain wavelengths of lightand why that gasis 
capable of absorbing the same wavelengths? Give a reason why itis transparent to 
other wavelen gths? 


What do we mean when we say that the atomis excited? 


Can X-rays be reflected, refracted. diffracted and polarized just like any other | 
waves? Explain, 
What are the advantages of lasers over ordinary light? 


Explain why laser action could not occur without population inversion between 


atomic levels? 
PROBLEMS 


A hydrogen atoms is in its ground state (n = 4). Using Bohr's theory, calculate 
(a) the radius of the orbit, (b) the linear momentum of the electron, (c) the angular. 
momentum of the electron (d) the kinetic energy (e) the potential.energy, ‘and 
(f) the total energy. 
[Ans: (a) 0.529 x 10°" m (b) 1.99x 10“ kg ms’ (c) 1.05x10™ kg m's” 
(d) 13.6 eV (e) - 27.2 eV (f) -13.6 eV] 


217 


20.2 


20.3 


20.4 


20.5 


20.6 


20.7 


20.8 


20.9 


20.10 


What are the energies in eV of quanta of wavelength? 4. = 400, 500 and 700 nm. 
(Ans: 3.10 eV, 2.49 eV, 1.77 eV) 


An electron jumps from a level E = -3.5 x 10° J to E,=-1.20 x 10" J. What is the 
wavelength of the emitted light? (Ans: 234 nm) 


Find the wavelength of the spectral line corresponding to the transition in hydrogen 
fromn=6 state ton=3 state? 


(Asn: 1094 nm) 
Compute the shortest wavelength radiation in the Balmer series? What value of n 
must be used? (Ans: 364.5nm,n=) 


Calculate the longest wavelength of radiation for the Paschen series. 
(Ans: 1875 nm) 


Electrons in an X-ray tube are accelerated through a potential difference of 
3000 V. If these electrons were slowed down in a target, what will be the minimum 
wavelength of X-rays produced? (Ans: 4.14x 10°" m) 


The wavelength of K X-ray from copper is 1.377 x 10°" m. What is the energy 
difference between the two levels from which this transition results? 
(Ans: 9.03 keV) 


A tungsten targetis struck by electrons that have been accelerated from rest through 
40 kV potential difference. Find the shortest wavelength of the bremsstrahlung 
radiation emitted, (Ans: 0.31x 10 ''m) 


The orbital electron of a hydrogen atom moves with a speed of 5.456 x 10 ms” 
(a) Find the value of the quantum number n associated with this electron. 
(b) Calculate the radius of this orbit. 
(¢c) Find the energy of the electron in this orbit. 

(Ans: n=4,r,=0.846 nm; E,= -0.85 eV) 
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ecrrirp 2 | 
NUCLEAR PHYSICS 


Learning Objectives 


At the end of this chapter the students will be able to: 

1. Understand the qualitative treatment of Rutherford's scattering experiment and the 
evidence it provides for the existence and small size of nucleus, 

Distinguish between nucleon number (mass number) and atomic number. 


Understand that an element can exist in various isotopic forms each with a different 
number of neutrons. 


Understand the use of mass spectrograph to demonstrate the existence of isotopes 
and to measure their relativea undance. 


Understand mass defect and calculate binding energy using Einstein's equation. 


thee graphically the variation of binding energy per nucleon with the mass 
number 


Appreciate the spontaneous and random nature of nuclear decay, 
Explain the meaning of half-life. 

Recognize and use decay law. 

Understand and describe the interaction of nuclear radiation with matter, 


Understand the use of Wilson cloud chamber, Geiger Muller counter and solid state 
detectors to detect the radiations. 


Appreciate that atomic number and mass number conserve in nuclear process. 

Perce energy and mass conservation in simple reactions and in radioactive 
ecay. 

Understand and describe the phenomena of nuclear fission and nuclear fusion. 

Explain the working principle of nuclear reactor. 

Be aware of various types of nuclear reactors. 

Show an awareness about nuclear radiation exposure and biological effects of 

radiation. | 

Describe in simple terms the use of radiations for medical diagnosis and therapy. 

Understand qualitatively the importance of limiting exposure to ionizing radiation. 

Outline the use of tracer technique to obtain diagnostic information about internal 
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Describe examples of the use of radioactive tracers in diagnosis. 
Describe basic forces of nature. 


Describe the modern view of the building blocks of matter based on hadrons, 
leptons and quarks. 
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Positive 


nucleus 








Soon after the discovery of electron and proton in an atom, 
the quest started to find the way in which these charged 
particles are present in an atom. From his experiments 


Ernest Rutherford developed a nuclear model of the atom. 


His model of the atom consisted of a small dense, positively 
charged nucleus with negative electrons orbiting about it. In 
1920 Rutherford suggested that there is probably another 
particle within the nucleus, neutral one, to which he gave the 
name neutron. James Chadwick discovered neutron in 1932, 


At the- centre of each and every atom there is an 
infinitesimally small nucleus. The entire positive charge of 
the atom and about 99.9 percent of its mass is concentrated 
in the nucleus. The tininess of the nucleus can be imagined 
by comparing that the radius of the atom is 10° times the 
radius of the nucleus. 


A nucleus consists of nucleons comprising of protons and 
neutrons. A proton .has .a positive charge equal to 
1.6x 10""C and its mass is 1.673 x 10°” kg. Aneutron has no 
charge on it, but its mass is 1.675 x 10° kg. The mass of a 
neutron is almost equal to mass of proton. To indicate the 
mass of atomic particles, instead of kilogram, unified mass 
scale (u) is generally used. By definition 1u is exactly one 
twelveth the mass of carbon" atom (1u = 1.6606 x 10” kg). In 
this unit the mass of a proton is 1.007276 u and that of a 
neutron is 1.008665 u while that of an electron is 0.00055 u. 


The charge on a proton is equal in magnitude to the charge 
onan electron. The charge on the proton is positive while that 
of an electron is: negative. As an atom on the whole is 
electrically neutral, therefore, we can conclude that the 


_ number of protons inside the nucleus is equal to the number 
of electrons outside the nucleus. The number of protons 


inside a nucleus is called the atomic number or the charge 
number of an atom. It is denoted by Z. Thus the total charge 
of any nucleus is Ze, here ¢ indicates charge on one proton. 


The combined number of all the protons and neutrons in 
a nucleus is known as its mass number and is denoted 
by A. 


The number of neutrons N present ina nucleus is given by 
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We now consider different elements of the periodic table. 
Hydrogen atom is simplest of all the atoms. Its nucleus is 
composed of only one proton; that is for hydrogen A = 1, 
2= 1, That is why hydrogen is represented by the symbol iH. 
Next in the periodic table after the hydrogen element is the 
helium element. Its nucleus contains two protons and two 
neutrons. This means for helium A = 4 and Z = 2: and hence 
helium is represented as }He . We now take the example of 
uranium - a heavy element of the periodic table. The charge 
number Z of uranium is 92 while its mass number A is 235. This 
is represented as “{3U . It has 92 protons while the number of 
neutrons N is given by the equation N=A- Z = 235 - 92 = 143. 
In this way the number of protons and neutrons in atoms of all 
the elements of the periodic table can be determined. It has 
been observed that the number of neutrons and protons in the 
initial light elements of the periodic table is almost equal but in 
the later heavy elements the number of neutrons js greater 
than the number of protons in the nucleus, 






Isotopes are such nuclei of an element that have the same 
charge number Z, but have different mass number A, that is 
in the nucleus of such an element the number of protons is 
the same, but the number of neutrons is different. Helium, for 
example has two isotopes. These are symbolically 
represented as 5 He and3He. As the charge number of helium 
is 2, therefore, there are two protons in the helium nucleus. 
The neutron number of the first isotope is, according to Eq. 
21.1is3-2=1 and that in the second isotope*He, the number 
of neutron is 4 - 2 = 2. Hydrogen has three isotopes 
represented by {H, 4H,3H. Its first isotope is called ordinary 
hydrogen or protium. There is only one proton in its nucleus. 
The second isotope of hydrogen is called deuterium. It has 
one proton and one neutron in its nucleus. Its nucleus is 
called deuteron. The third isotope of hydrogen has two 
neutrons and one proton in its nucleus and itis called tritium. 
The Isotopes of hydrogen are shown in Figs. 21.1 (a,b,c). 


The chemical properties of all the isotopes of an element are 
alike, as the chemical properties of an element depend only 
upon the number of electrons around the nucleus, that is 
upon the charge number Z, which for all the isotopes of an 
elementis the same. Itis, therefore, not possible to separate 
the isotopes of an element by chemical methods. Physical 
methods are found to be successful for this purpose. A 
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iH 
(b) (Deuterium) 





iH 
(c) (Tritium) 
Fig. 21.1 





Both Xenon and caesium each haw: 
Sisotopes, 


device with the help of which not only the isotopes of any 

element can be separated from one another but their masses 

: can also be determined quite accurately is called mass 
Some atomic masses spectrograph. 
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Mass Spectrograph 


A simple mass spectrograph is shown in Fig. 21.2 (a). The 
atoms or molecules of the element under investigation, in 
vapour form, are ionized in the ions source S. As a result of 
ionization, one electron is removed from the particle, leaving 
with a net positive charge +e. The positive ions, escaping the 
slit S,, are accelerated through a potential difference V 
applied between the two slits S, and S,. 


+ B (out of paper) 







ton 
source 





Fig. 21.2 
The ions pass through the slit S, in the form of a narrow beam. 
The K.E. of singly charged ion at the slit S, will be given by 


= mv = Ve ere (21.2) 


The ions are then subjected to a perpendicular and uniform 
magnetic field B in a vacuum chamber, where they are 
deflected in semicircular paths towards a detector. The 
detector records the number of ions arriving per second. The 
centripetal force applied by the magnetic field is given by 


2 
Bev="V See (21.3) 
F 





or n= —— 
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Subemuing the values of vfirom ms 21.2, we get 


The above equation shows ‘that the mass of each ion § 

reaching the detector is proportional to B’. By adjusting the 2g 

value of B and keeping the term in the parentheses constant, = 5 

ions of different masses are allowed to enter the detector. A 5% 

graph of the detector output as a function of B thengivesan =< 

indication of what masses are present and the abundance of = 

each mass. 

Fig. 21.2 (b) shows a record obtained for naturally occurring 2 21 «22 


neon gas showing three isotopes whose atomic mass 
numbers are 20, 21, and 22. The larger is the peak, the more 
abundantis the isotope. Thus most abundantisotope ofneon _—(®) (Proportional to atomic mass) 
isneon-20. Fig 21.2 The mass spectrum of 


naturally oecurring neon, shawing 
three isotopes whose atomic mass 
number are 20,21, end 22. The larger 
It is usually assumed that the whole Is always equal to the sum th oe Pees ae 
of its parts. This is not so in the nucleus. The results of 
experiments on the masses of different nuclei show that the 
mass of the nucleus is always less than the total mass of all the 


protons and neutrons making up the nucleus. In the nucleus 
the missing mass is called the mass defect m given by. 


AM=ZmM,+(A-Z)M,- Messe cevevevese (215) 


As Zis the total number of protons in the nucleus and m, is the 
mass of a proton, then 2m, is the total mass of all the protons. 
As shown in Eq. 21.1, (A - Z) is the total number of neutrons 
and as m, is the mass of a single neutron, (A- Z) m, is the total 
mass of all the neutrons. The term ,,,.,...!5 the experimentally 
measured mass of the entire nucleus. Hence, Eq. 21.5 
represents the difference in mass between the sum of the 
masses of its constituents and the mass of the nucleus itself. 


The missing mass is converted to energy in the formation of 
the nucleus. This energy is found from Einstein's mass 
energy relation 


E=(am)c Piswtee * QA8) 


and is called the binding energy (B.E.) of the nucleus. From 
equations 21.5 and 21.6, the binding energy of a nucleusis 


B.E.=(Am)c'=Zm,c’+(A-Z) me_-me’.... (21.7) 
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Let us consider the example of the deuteron nucleus to make 
the concept of mass defect and binding energy more clear. 
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Nucleus *} # 
(smaller mass) Separated nucleons | , 
(greater mass) Therefore, the bound constituents have less energy than 


when they are free. That is the 8.E. comes from the mass that 
is lost in the process of formation. Conversely, the binding 
energy is the amount of energy that must be supplied to a 
nucleus if the nucleus is to be broken up into protons and 
neutrons. Experiments have revealed that such mass 
defects exist in other elements as well. Shown in Fig. 21.3isa 

graph between the mass defect per nucleon and charge 





(u) 


§|< 
= — 0.007 
8 
=] 
= 
' 2 = 0.008, 
ot 
a 
= 
‘a 
> — 0.009 
fs 
a 
Q 





0 10 20 30 40 50 60 70 #80 90 
Charge number 2 


Fig. 21.3 


224 


number Z is obtained by finding the difference of mass 
between the total mass of all the protons and neutrons that 
form the nucleus and the experimental mass of the nucleus 
and dividing this difference by mass number A, Le., 


Mass defect per nucleon 
Am es Mnucteus =r [2m, F, (A -—£Z)m,] 
A A 


where Am is the mass defect. From the definition of mass 
defect it is quite obvious that for hydrogen, mass defect is 
zero. The mass defect is made clear with Einstein's equation 
E=Ame’. This equation shows that if for any reason a mass 
Amis lost, them itis converted into energy. 
Let us now calculate the BE of helium. For 2He 
Am=2m,+2m,-mM,, 
= 2.01519 u+2.01796 u-4.00281 u=0.03034 u 
since 1u=1,66x10"kg 
Am = 0.03034 ux 1.66 x 10" kgu" =5.03x 10"kg 
Thus B.E. =Ame’=5.03x 10" kgx9x 10"m’s* 
45x10" J 
1.6x10°*Jievy"' 
This means that when two protons and two neutrons fuse 
together to make helium nucleus, if an amount of 28.2 MeV 
anergy is given to the helium nucleus then it breaks up into 
two protons and two neutrons. From this, we conclude that 
1u= 1.6606 x 107 kg = 931 MeV 
In this way we can calculate binding energy of every element. 
Shown in Fig. 21.4 is a graph between binding energy per 
nucleon and the inass number of different elements. This 
graph shows that the binding energy per nucleon increases 


=45x10%J= = 2.82 «10'eV= 28 2 MeV 
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with the mass number till it reaches a maximum value of 8.8 
MeV at mass number 58 and then it gradually decreases toa 
value of 7.6 MeV at mass number 238. The binding energy 
per nucleon is maximum for iron. This shows that of all the 
elements iron is the most stable element. Later in this chapter 
it will be shown with the help of graph of Fig. 21.4 that when 
heavy element breaks into lighter elements or the lighter 
elements are fused to form heavier element then a large 
amount of energy can be obtained. 


lthas been observed that those elements whose charge 
number Z is greater than 82 are unstable. Some 
invisible radiations, that can affect the photographic 
plates emanate out of these elements. Such elements 
are called radioactive and the phenomenon is called 
radioactivity. The radiations coming out of the 
radioactive elements are called alpha (a), beta (6), and 
gamma (y) radiation. Radioactivity was discovered by 
Henri Becquerel in 1896. He found that an ore 
containing uranium (Z = 92) emits an invisible radiation 
that penetrates through a black paper wrapping a 
photographic plate and affects the plate. After 
Becquerel's discovery Marie Curie and Pierre Curie 
discovered two new radioactive elements that they 
called polonium and radium. 


The analysis of the radiations emanating out of a radioactive 
material can be carried out by a simple experiment. The 
radioactive material is placed at the centre of a block of lead: 
by drilling a hole in the block. Radioactive radiations enter a 
vacuum chamber after emerging out of this hole. After 
passing between the two parallel plates the radiations strike 
a photographic plate. These radiations, instead of impinging 
at one point, fall at three different points due to the potential 
difference between the plates (Fig. 21.5). 


From this experiment it can be concluded that all radiations 
from the radioactive material are not alike. The radiation that 
bends towards the negative plate is made up of positively 
charged particles. These are called a-particles. Those 
radiations that bend towards the positive plate are composed 
of negatively charged particles. These are called f-particles. 
Those radiations that go straight without bending have no 
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charge on them. These are called y-rays. 


Further experiments reveal that a-particles are helium nuclei, 
The charge on them is +2e while their mass is 4u (atomic 
mass unit) that is every a-particle has two protons and two 
neutrons in it. B-particles are in fact fast moving electrons 
which come out of the nucleus of a radioactive element. y-rays 
like X-rays, are electromagnetic waves which issue out of the 
nucleus of a radioactive element. The wavelength of these 
rays is much shorter, compared with the wavelength of X-rays. 







Nuclear Transmutation 


Radioactivity is purely a nuclear phenomenon. This is not 
affected by any physical or chemical reaction. Whenever any 
particle / radiation is emitted out of any radioactive element, it 
is always accompanied by some changes in the nucleus of 
the element. Therefore, this element changes into a new 
element. This phenomenon is called radioactive decay. The 
element formed due to this change is called daughter 
element. The original element is called the parent element. 
During the nuclear changes the laws of conservation of 
mass, energy, momentum and charge remain applicable. 


We know that three types of radiations o-particle, §-particle 
and ;-rays are emitted by the naturally occurring radioactive 
elements. When a-particle is emitted out of any nucleus then 
due to law of conservation of matter, the mass number of the 
nucleus decreases by 4, and due to law of conservation of 
charge, the charge of the nucleus decreases by a magnitude 
of 2ei.e., the charge number of the nucleus decreases by 2. It 
is due to the fact that the mass number and charge number of 
the emitted particle a is 4 and 2 respectively. The emission of 
the a-particle is represented by the following equation 


eX — > S4Y+ tHe 
Here X represents the parent and Y the daughter element. 


To explain the emission of a-particles we take the example of 
radiumZsRa. The emission of an a-particle from radium 226, 
results in the formation of radon gas“22Rn. This change is 
represented by the following equation 

aera —— “@Rn+ tHe 
It may be remembered that the sum of the mass numbers 
and the charge numbers on both sides of the 
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fi-decay occurs when a neutron inan 
‘unstable parent nucleus decays into 
a proton and an electron, the electron 
being emitted as the fi - particle..In the 


process,the parent nucleus Is 
transformed into daughter nucleus. 


equation are equal. When a [i-particle is emitted out of any 
nucleus, then its mass number does not undergo any change 
but its charge number increases by one. The emission of a 
f-particle from any element X is represented by the following 
equation 

ox —> 7{V¥ + Se 


Negative §-particle is an electron and its emission from the 
nucleus becomes an incomprehensible enigma, as there is 
no electron present in the nucleus. However, lhe emission of 
électron from the nucleus can be thought of as a neutron 
emitting an electron and becoming a proton, although the 
modern explanation is not that simple. 


This means that the fi-particle is formed at the time of 
emission. That is why at the time of emission of a 
(i-particle the charge number of the nucleus increases by one 
but no change in its mass number takes place as [he mass of 
electron is exceedingly small as compared to the mass of a 
proton or a neutron. The transformation of an electron at the 
moment ofits emission is given below by an equation 


1 i Q 
gn > JH+ 3e 





It has been observed that thorium Th. is transfonned. 


into protactinium _ Pa after the ennssion of 6 
The following equation represents this reaction 
pale Gy 
When a y-fadiation issues out of nucleus then neither the charge 
number Z not the mass number.A of the nucleus undergoes any 
change. It is due to the fact that a y-radiation is simply a photon 
that has neither any charge nor any mass. Its emission from the 
nucleus has some resemblance with the emission of a photon 
of light from an atom. We know that when any electron of an 
atom absorbs energy it jumps from the ground state to a higher 
energy state and the atom becomes excited. When the electron 
of this excited atom returns to its ground state then it emits the 
absorbed eneray in the form of a photon. In much the same way 
the nucleus is sometimes excited to a higher state following the 
emission of « or B-particle. This excited state of the nucleus is 
unstable state, in coming back toits ground state from the 
excited state, y-radiation is emitted. 


partice 


Pat & 


The emission of ;radiation from a nucleus is generally 
represented by this equation 
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4x" —» $X+y radiation 


Here “X represents an excited nucleus while 2X shows 
ground state of the nucleus, 


We have seen that whenever an o or {-particle is emitted 
from a radioactive element, it is transformed into some other 
element. This radioactive decay process is quite random and 
is not subjected to any symmetry. This means that we cannot 
foretell about any particular atom as to when will it decay. It 
could decay immediately or it may remain unchanged for 
millions of year. Thus we cannot say anything about the life of 
any particular atom of a radioactive element. 





Let us take the example of a city with a population of one 
million and we know that on the average ten person die every 
day. Even with this knowledge we cannot say with certainty 
that which particular person will die on which particular day. 
We can only say that on the whole ten person will die. The 
greater the population of the city, the greater the accuracy of 
such predictions. Like the population of a city, It is not 
possible to talk about an atom of a radioactive element. For 
more accurate result we always talk about large groups of 
atoms and laws of statistics are applied upon them. Let us 
suppose that we bring a group of 100,000 atoms under 
consideration and wait till such time that half of these i.e., 
50,000 decay into their daughter element. This time is called 
the half-life 7,, of this element. If the halflife of the said 
element be one day, then after one day only 25,000 atoms 
will remain behind and after two days 12,500 atoms will 
remain behind. That is with the passage of every one day, the 
number of atoms remaining behind becomes half of the 
number already present, This example provides us the 
definition of half-life ofa radioactive elementi.e.., 





Besides getting the definition of half-life we can deduce two 
other conclusions from this example. These are, firstly no 
radioactive element can completely decay. It is due to the 
reason that in any half-life period only half of the nuclei decay 
and in this way an infinite time is required for all the atoms to 
decay. 
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one-half of the radioactive nuclei 
disintegrate. 


Secondly, the number of atoms decaying in a particular 
period is proportional to the number of atoms present in the 
beginning of the period. If the number of atoms to start with is 
large then a large number of atoms will decay in this period 
and if the number of atoms present in the beginning is small 
then less atoms will decay. 


We can represent these results with an equation. If at any 
particular time the number of radioactive atoms be N, then in 
an interval Af, the number of decaying atom, AN is proportional 
to the time interval At and the number of atoms N, i.e., 


AN oc - NAS 
or OAN=-ANAE oe (21.8) 


where A is the constant of proportionality and is called decay 
constant. Eq. 21.8 shows that if the decay constant of any 
element is large then in a particular interval more of its atoms 
will decay and if the constant ’ is small then in that very 
interval less number of atoms will decay. From Eq. 21.8 we 
can define decay constant’ as given below 
A 
ee 
Aft 

here AN / N is the fraction of the decaying atoms. Thus decay 
constant of any element is equal to the fraction of the 
decaying atoms per unit time. The unit of the decay constant 
is s'. The negative sign in the Eq. 21.8 indicates the decrease 
in the number of atoms N. 


The decay ability of any radioactive element can be shown by 
a graphic method also. 


We know that every radioactive element decay at a particular 
rate with time. If we draw a graph between number of atoms in 
the sample of the radioactive element present at different times 
and the time then a curve as shown in Fig. 21.6 will be 
obtained. This graph shows that in the beginning the number of 
atoms present in the sample of the radioactive element was N., 
with the passage of time the number of these atoms decreased 
due to their decay. This graph is called decay curve. 


After a period of one half-life N, / 2 number of atoms of this 
radioactive element are left behind. If we wait further for 
another half-period then half of the remaining N, / 2 atoms 
decay, and 1/2xN_,/2=(1/ 2) N, atoms remain behind. After 
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the expiry of further period of a half-life, half of the remaining 
(1/2) N, atoms decay. The number of atoms that remain un- 
decayed is 1/2x(1/2)'N,=(1/2) N,. Wecan conclude from 
this example that if we have N, number of any radioactive 
element then after a period of n half-lives the number of 
atoms left behind is (1/2)'N.. 


lt has been found that the estimate of decay of every 
radioactive element is according to the graph of Fig.21.6 but 
the half-life of every radioactive element is different. For 
example the half-life of uranium-238 is 4.5 x 10° years while 
the half-life of radium-226 is 1620 years. The haif-life of some 
radio active elements is very small, for example, the half-life 
of radon gas is 3.8 days and that of uranium-239 is 23.5 
minutes. 


From the above discussion itis found that the estimate of any 
radioactive element can be made from its half-life or by 
determining its decay constant i. It can be proved with the 
help of calculus that the following relations exist between the 
decay constant 4 and the half-life T,,. 
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Eq. 21.9 shows that if the decay constant A of any radioactive 
elementis known, its half-life can be found. 


Any stable element, besides the naturally occurring 
radioactive element, can be made radioactive. For this very 
high energy particles are bombarded on the stable element. 
This bombardment excites the nuclei and the nuclei after 
becoming unstable become radioactive element. Such 
radioactive elements are called artificial radioactive 
elements. 
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Thus 48 days after the areca the amount of iodine-131 left 
behind is only 0.3125 mg. 


An a-particle travels a well defined distance in a medium 
before coming to rest. This distance is called the range of the 
particle. As the particle passes through a solid, liquid or gas, it 
lases energy due to excitation and ionization of atoms and 
molecules in the matter. The ionization may be due to direct 
elastic collisions or through electrostatic attraction. lonization 
is the main interaction with matter to detect the particle or to 
measure its energy. The range depends on the 




















i. charge, mass and energy of the particle and 
ii. the density of the medium and ionization potentials 
of the atoms of the medium. 


Since a-particle is about 7000 times more massive than an 
electron, so it does not suffer any appreciable deflection from 
its straight path, provided it does not approach too closely to 
the nucleus of the atom. Thus c-particle continues producing 
intense ionization along its straight path till it loses all its energy 
and comes almost to rest. It, then, captures two electrons from 
the medium and becomes a neutral helium ator, 


B-particles also lose energy by producing ionization. However, 
its ionizing ability is about 100 times less than that of a- 
particles. As a result its range is about 100 times more than a- 
particles. f-particles are more easily deflected by collisions 
than heavy a-particles. Thus the path of -particies in matter is 
not straight but shows much straggling or scattering. The 
range of fi-particles is measured by the effective depth of 
penetration into the medium not by the length of erratic path, 
The more dense the material through which the particle 
moves, the shorter its range will be. 
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«@ and B-particles both radiate energy as X-ray photons when 
they are slowed by the electric field of the charged particles in 
a solid material. 


Photons of ;-rays, being uncharged, cause very little 
ionization. Photons are removed from a beam by either 
scattering or absorption in the medium. They interact with 
matter in three distinct ways, depending mainly on their 
energy. 


(i) At low energies (less than about 0.5 MeV), the 
dominant process that removes photons from a beam 
is the photoelectric effect. 


(ii) At intermediate energies, the dominant process is 
Compton scattering. 


(iii) | At higher energies (more than 1.02 MeV), the 
dominant process js pair production. 


In air y-rays intensity falls off as the inverse square of the 
distance from the source, in much the same manner as light 
from a lamp. In solids, the intensity decreases exponentially 
with increasing depth of penetration into the material. The 
intensity /, of a beam after passing through a distance x in the 
medium is reduced to intensity / given by the relation /=/,e" 


where p Is the linear absorption coefficient of the medium. 
This coefficient depends on the energy of the photon as well 
as onthe properties of the medium. 


Charged particles a or § and y-radiation produce fluorescence 
or glow on striking some substance like zinc sulphide, sodium 
bene or barium pietinneyaNs nide sai screens, 





Neutrons, being neutral particles, are extremely penetrating 
particles, To be stopped or slowed, a neutron must undergo a 
direct collision with a nucleus or some other particle that has 
a mass comparable to that of the neutron. Materials such as 
water or plastic, which contain more low-mass nuclei per unit 
volume, are used to stop neutrons. Neutrons produce a little 
indirect ionization when they interact with materials 
containing hydrogen atoms and knock out protons. 
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Nuclear radiations cannot be detected by our senses, hence, 
we use some observable detecting methods employing the 
interaction of radiation with matter. Most detectors of 
radiation make use of the fact that ionization is produced 
along the path of the particle. These detectors include Wilson 
cloud chamber, Geiger counter and solid state detectors. 


Wilson Cloud Chamber 





It is a device which shows the visible path of an ionizing 
particle. It makes use of the fact that supersaturated vapours 
condense preferentially on ions. If an ionizing particle passes 
through a region in which cloud droplets are about to form, the 
droplets will form first along the particle's path, showing the 
path as a trail of droplets. The apparatus consists of a 
cylindrical glass chamber closed at the upper end by a glass 
window and at the lower end by a movable piston (Fig. 21.7).A 
black felt pad soaked in alcohol is placed on a metal plate 
inside the chamber. The air soon becomes saturated with 
alcohol vapours. A rapid expansion is produced by pulling 
quickly the piston of the bicycle pump having the leather 
washer reversed so that It removes air. The sudden cooling 
resulted from adiabatic expansion helps to form 
supersaturated vapours. As radiation passes through the 
chamber, ions are produced along the path. The tiny droplets 
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of moisture condense about these ions and form vapour tracks 
showing the path of the radiation. These are the atomic versions 
of the ice crystals left in the sky by a jet plane when suitable 
conditions exist. The fog tracks are illuminated with a lamp and 
may be seen or photographed through the glass window. 


The a-particles leave thick, straight and continuous tracks 
due to intense ionization produced by them as shown in 
Fig. 21.8 (a), B-particles form thin and discontinuous tracks 
extending in erratic manner showing frequent deflections 
(Fig. 21.8 b) and y-rays leave no definite tracks along their 
path (Fig. 21.8 c). The length of the cloud tracks has been 
found proportional to the energy of the incident particle. A 
high potential difference of the order of 1 kV between the top 
and bottom of the chamber provides an electric field which 
clears away all the unwanted ions from the chamber to make 
it ready for use. The tracks seen are, therefore, those of rays 
that pass the chamber as the expansion occurs. 


The chamber may be placed in a strong magnetic field 
which will bend the paths providing information about the 
charge, mass and energy of the radiating particle. In this 
way, it has helped in the discovery of many new particles. 





Geiger-Muller Counter 


Geiger-Muller tube is a well-known radiation detector 
(Fig. 21.9 a). The discharge in the tube results from the 
ionization produced by the incident radiation. It consists 
of a stiff central wire acting as an anode in a hollow metal 
cylinder acting as a cathode filled with a suitable mixture 
of gas at about 0.1 atmospheric pressure, One end of the 
tube has a thin mica window to allow the entry of o or 
B-particles and other end is sealed by non-conducting 
material and carries the connecting pins for the two 
electrodes. A high potential difference, (about 400 V for 
neon - bromine filled tubes) but slightly less than that 
Ons 
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necessary to produce discharge through the gas is 
maintained between the electrodes. When radiation 
enters the tube, ionization is produced. The free 
electrons are attracted towards the positively charged 
central wire. As they are accelerated towards the wire 
by a strong electric field, they collide with other 
molecules of the gas and knock out more electrons 
which in turn do the same and produce a cascade of 
electrons that move towards the central wire. This 
makes a short pulse of electric current to pass through 
an external resistor. It is amplified and registered 
electronically. The counter, which also provides the 
power, is called a scaler. 


The cascade of electrons produced by the entry of an 
ionizing particle is counted as a single pulse of approximately 
of the same size whatever the energy or path of the particle 
maybe. It cannot, thus, discriminate between the energies of 
the incident particle as output pulses are same. The entire 
eleciron pulse takes less than 1p s. However, positive ions, 
being very massive than the electrons, take several hundred 
times as long to reach the outer cathode. During this time, 
called the dead time ("10" s) of the counter, further incoming 
particles cannot be counted. When positive ions strike the 
cathode, secondary electrons are emitted from the surface. 
These electrons would be accelerated to give further 
spurious counts. This is prevented by mixing a small amount 
of quenching gas with the principal gas. 


The quenching gas must have an ionization potential lower 
than that of inert or principal gas. Thus, the ions of quenching 
gas reach the cathode before principal gas ions. When they 
reach near the cathode, they capture electrons and become 
neutral molecules. Following neutralization, the excess 
energy of the quenching molecules is dissipated in 
dissociation of the molecules rather than in the release of 
electrons from the cathode. For example, bromine gas is 
added to neon gas. The bromine molecules absorb energy 
from the ions or secondary electrons and dissociate into 
bromine atoms. The atoms then readily recombine into 
molecules again for the next pulse. The gas quenching is 
called self quenching. Although all commercial Geiger tubes 
are self quenched, it is common practice to use electronic 
quenching in addition. For this purpose, a large negative 
voltage is applied to the anade immediately after recording 
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the output pulse. This reduces the electric field bleow the 
critical value for ionization by collision. The negative voltage 
remains until all the positive ions are collected at cathode 
thus preventing secondary pulses. 

Geiger counter can be used to determine the range or 
penetration power of ionizing particles. The reduction in the 
count rate by inserting metal plates of varying thickness 
between the source and the tube helps to estimate the 
penetration power of the incident radiation. 


Geiger counter is not suitable for fast counting. It is because 
of its relatively long "dead time" of the order of more than a 
millisecond which limits the counting rate to a few hundred 
counts per second. If particles are incident on the tube at a 
faster rate, not all of them will be counted since some will 
arrive during the dead time. Solid state detectors are fast 
enough, more efficientand accurate. 


Solid State Detector 


A solid state detector is a specially designed p-n Junction 
(Fig. 21.10) operating under a reversed bias in which 
electron-hole pairs are produced by the incident radiation to 
cause a current pulse to flow through the extemal circuit. The 
detector is made from a p-type silicon or germanium. An n- 
type thin layer is produced by doping the top surface with 
donor type impurity. The top and bottom surfaces are coated 
with a thin layer of gold to make good conducting contact with 
external circuit. The combined thickness of 
n-type and gold layer absorbs so less energy of the incident 
particle that the junction may be assumed to be situated at 
the front surface, This is known as the surface barrier type 
detector. A reverse bias is applied through the two 
conducting layers of gold. This enlarges the charge free 
region around the junction called depletion region. Normally 
no current flows through the circuit. When an incident particle 
penetrates through the depletion region, it produces 
electron-hole pairs. These mobile charge carriers move 
towards the respective sides due to applied electric field. This 
gives rise to a current in the external circuit due to which a 
pulse of voltage is generated across the resistance R. This 
pulse is amplified and registered by a scaler unit. The size of 
the pulse is found proportional to the energy absorbed of the 
incident particle. The energy needed to produce an electron- 
hole pair is about 3 eV to 4 eV which makes the device useful 
for detecting low energy particles. The collection time of 
electrons and holes is much less than gas filled counters and 
hence a solid state detector can count very fast. It is much 
smaller in size than any other detector and operates at low 
voltage. The above mentioned type detector is used for 
detecting « or B-particles but a specially designed device 
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can be used for y-rays. 


While studying radioactivity, we have seen that an « 
particle is emitted from radium-226 and radon-222 is 
obtained. This nuclear change is represented by the 
following equation 

“Ra ——} aa Rn + >He 


Such an equation represents a nuclear reaction. Above 
mentioned nuclear reaction takes place on its own accord. 
However, it was Rutherford who, first of all, expressed his 
opinion that besides natural radioactive decay processes, 
other nuclear reactions can also occur, A particle x is 
bombarded on any nucleus X and this process yield a 
nucleus Y and a light object y as given below 


A+xX > Vry 


Rutherford performed an experiment on the nuclear reaction 
in 1918. He bombarded a-particles on nitrogen. He observed 
that as a result of this reaction, oxygen is obtained and a 
proton is emitted. Thatis 

“N+ 3He ——> 70 + 1H 


This reaction indicated that when a-particle enters the 
nucleus of '>N, then an excitation is produced in it. And as a 
result of it ';O and a proton are produced. Since the 
experiment of Rutherford, innumerable nuclear reactions 
have been observed. For nuclear reactions to take place, the 
fulfillment of certain conditions is a must. 


Before and after any nuclear reaction the number of protons 
and neutrons must remain the same because protons and 
neutrons can neither be destroyed nor can they be created. 
We elaborate this point from the example of Rutherford's 
nuclear reaction of 'N and3He, here 


SN+ >He ——> %O+ iH 
Numberofprotons =7+2=8+1 
Number of neutrons =7+2=9+0 
Anuclear reaction can take place only when the total energy of 
the reactants including the rest mass energy is equal to the 
total energy of the products. For its explanations we again take 


the example of the nuclear reaction of Rutherford involving 
7N and ;He . In this reaction the mass of the reactants is 
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Mass of'3N =14.0031u 
Mass of }He = 4.0026 u 
Total mass of the reactants = 18.0057 u 
In the same way the mass of the products is 
Mass of '7O = 16.9991 u 
Massof 'H =1.0078u 
Total mass of the products after the reaction = 18.0069 u 


This shows that the total mass after the reaction is greater 
than the total mass before the reaction by 0.0012 u. We know 
that a 1u mass = 931 MeV energy, therefore,a mass 
difference of 0.0012u is equivalent to an energy of 
931 MeV x 0.0012 u = 1.13 MeV. Hence this reaction is 
possible only when an additional mass of 0.0012 u is added 
into the reactants or the minimum kinetic energy of the a- 
particle is 1.13 MeV such as obtained from*}! Po. The energy 
of these a-particles is equal to 7.7 MeV which is greater than 
1.13 MeV. Had these a-particles been obtained from a 
source that give out a-particles whose energy was less than 
1.13 MeV then this reaction would not have taken place. 


From the conditions described above we can tell whether any 
nuclear reaction is possible or not. There is an interesting 
aspect in a nuclear reaction that it can take place in the 
opposite direction also. We know that '; O is obtained by the 
interaction’ N with an a-particle of appropriate energy. If we 
accelerate protons, with the help of a machine like cyclotron, 
and increase their velocity and then bombard these high 
velocity protons on ‘20, Rutherford's nuclear reaction of "7N 
and a-particle will proceed in the backward direction as 
"0+ {H——> “N+ 3He 


By bombarding different elements with a-particles, protons 
and neutrons, many nuclear reactions have been produced. 
Now we describe one such nuclear reaction with the help of 
which James Chadwick discovered neutron in 1932. When 
‘Be was bombarded with a-particles emitted out of aNPo, 
then as a result of a nuclear reaction, $C and a neutron were 
obtained. This reaction is shown below with an equation 


*Be+ t{He——> C+ jn 


As neutron carries no charge, therefore, it presented 
a great amount of difficulty for its identification. Anyhow 
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when neutrons were passed through a block of paraffin, fast 
moving protons were ejected out and these were easily 
identified. It may be remembered that a large amount of 
hydrogen is present in paraffin and the nuclei of hydrogen 
atoms are protons. The emission of protons is the 
consequence of elastic collisions between the neutrons and 
the protons. This indicates that the mass of neutron is equal 
to the mass of the proton. It may be remembered that when 
an object of certain mass collides with another object of equal 
mass at rest, then as a result of elastic collision, the moving 
object comes to rest and the stationary object begins to move 
with the velocity of the colliding object. The discovery of 
neutron has brought in a revolution in nuclear reactions, as 
the neutrons carry no charge so they can easily enter the 
nucleus. Fig. 21.11 shows the arrangement of Chadwick's 
experiment for the discovery of neutron. 

Otto Hahn and Fritz Strassmann of Germany while working 
upon the nuclear reactions made a stariling discovery. They 
observed that when slow moving neutrons are bombarded 
on*33U, then as a result of the nuclear reaction'3'Ba.*¢Kr and 
an average of three neutrons are obtained. It may be 
remembered that the mass of both krypton and bariumis less 
than that of the mass of uranium. This nuclear reaction was 
different from hither to studied other nuclear reactions, in two 
ways. First as a result of the breakage of the uranium 
nucieus, two nuclei of almost equal size are obtained, 
whereas in the other nuclear reactions the difference 
between the masses of the reactants and the products was. 
not large, Secondly a very large amount of energy is given 
outin this reaction. 





aU+ gn ——> ‘Ba+ @kr+3jn+Q 
here Q is the energy given out in this reaction. By 
comparing the total energy on the left side of the 
equation with total energy on the right side, we find that 
in the fission of one uranium nucleus about 200 MeV 
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energy is given out. It may be keptin mind that there Is no 
difference between the sum of the mass and the charge ; 
numbers on both sides of the equation. Fission reaction Ys 

is shown in Fig. 21.12 (a) and (b). Fission reaction can 


be easily explained with the help of graph of Fig. 21.4. ae 
—+) ——_ i 


This graph shows that the binding energy per nucleon is 


greatest for the middle elements of the periodic table and ae 


this binding energy per nucleon is a little less for the light 
or very heavy elements i.e., the nucleons in the light or (a) 
very heavy elements are not so rigidly bound. For 
example the binding energy per nucleon for uranium is 
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Fig. 21.12 Process of Fission reaction 





about 7.7 MeV and the products of the fission reaction of 
uranium, namely barium and krypton, have binding 
energy of about 8.5 MeV per nucleon. Thus when a 
uranium nucleus breaks up, as a result of fission reaction, 
into barium and krypton, then an energy at the rate of 
(8.5-7.6)=0.9 MeV per nucleon is given out. This means 
that an eneray 235 x 0.9 = 211.5 MeV is given out in the 
fission of one uranium nucleus. 


The fission process of uranium does not always produce the 
same fragments (Ba, Kr). In fact any of the two nuclei present 
in the upper horizontal part of binding energy could be 
produced. Two possible fission reactions of uranium are given 
below as an example: 


32 i 1 
ou =F in ——_+ ot +'2}Mo + 3 AN af Q 
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Fig 24.44 









“U+ gn ——> 'Oxe+ MSr+2 In+Q 

Hence in the uranium fission reaction several products may 
be produced. All of these products (fragments) are 
radioactive. Fission reaction is not confined to uranium alone: 
it is possible in many other heavy elements. However, it has 
been observed that fission takes place very easily with the 
slow neutrons in uranium-235 and plutonium-239, and mostly 
these two are used for fission purposes. 


Fission Chain Reaction 


We have observed that during fission reaction, a nucleus of 
uranium-235 absorbs a neutron and breaks into two nuclei of 
almost equal masses besides emitting two or three neutrons. 
By properly using these neutrons fission reaction can be 
produced in more uranium atoms such that a fission reaction 
can continuously maintain itself. This process is called 
fission chain reaction. Suppose that we have a definite 
amount of “23U and a slow neutron originating from any 
source produces fission reaction in one atom of uranium. Out 
of this reaction about three neutrons are emitted. If 
conditions are appropriate these neutrons produce fission in 
some more atoms of uranium, In this way this process 
rapidly proceeds and in an infinitesimal small time a large 
amount of energy along with huge explosion is produced. 
Fig.21.13 is the representation of fission chain reaction. 


It is possible to produce such conditions in which only one 
neutron, out of all the neutrons created in one fission reaction, 
becomes the cause of further fission reaction. The other 
neutrons either escape out or are absorbed in any other 
medium except uranium. In this case the fission chain 
reaction proceeds with its initial speed. To understand these 
conditions carefully look at Fig. 21.14. In Fig. 21.14 (a) a 
fission reaction in a thin sheet of “33U is shown to be in 
progress, The resulting neutrons scatter in the air and so they 
cannot produce any fission chain reaction. Fig. 21.14 (b) 
shows some favourable conditions for chain reaction. Some 
of the neutrons produced in the first fission reaction produce 
only one more fission reaction but here also no chain reaction 
is produced. In Fig. 21.14 (c) a sphere of 723U is shown. Ifthe 
sphere is sufficiently big, then most of the neutrons produced 
by the fission reaction get absorbed in *23U before they 
escape out of the sphere and produce chain reaction. Sucha 
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mass of uranium in which one neutron, out of all the neutrons 
produced in one fission reaction, produces further fission is 
ealled critical mass. The volume of this mass of uranium is 
called critical volume. 


lf the mass of uranium is much greater than the critical 
mass, then the chain reaction proceeds ata rapid speed 
and a huge explosion is produced. Atom bomb works at 
this principle. If the mass of uranium is less than the 
critical mass, the chain reaction does not proceed. If 
the mass of uranium is equal to the critical mass, the 
chain reaction proceeds at its initial speed and in this 
way we get a source of energy. Energy, in an atomic 
reactor, is obtained according to this principle. The 
chain reaction is not allowed to run wild, as in an atomic 
bomb but is controlled by a series of rods, usually made 
of cadmium, that are inserted into the reactor. Cadmium 
is an element that is capable of absorbing a large 
number of neutrons without becoming unstable or 
radioactive. Hence, when the cadmium control rods are 
inserted into the reactor, they absorb neutrons to cut 
down on the number of neutrons that are available for 
the fission process. In this way the fission reaction is 
controlled. 


i'Nuclear Reactor 





In a nuclear power station the reactor plays the same part 
as does furnace in a thermal power station. In a furnace, 
coal or oil is burnt to produce heat, while in areactor fission 
reaction produces heat. When fission takes place in the 
atom of uranium or any other heavy atom, then an energy at 
the rate of 200 MeV per nucleus is produced. This: energy 
appears in the form of kinetic energy of the fission 
fragments. These fast moving fragments besides colliding 
with one another also collide with the uranium atoms. In this 
way their kinetic energy gets transformed in heat energy. 
This heat is used to produce steam which in turn rotates the 
turbine. Turbine rotates the generator which produces 
electricity. A sketch of a nuclear power station is shown in 
Fig. 21.15. 


243 





Ina controlled chain reaction, only 
one neutron, on average, from each 
fission event causes another 
pee fission, Pe a resull, 
anergy is released al a ‘steady or 
controtled rate. 
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Fig. 24.15 


Areactor usually has four important parts. These are: 


1. The most important and vital part of a reactor is called 
core. Here the fuel is kept in the shape of cylindrical 
tubes. Reactor fuels are of various types. Uranium 
was used as fuel in the elementary reactors. Inthis 
fuel the quantity of “3U is increased from 2 to 4 
percent. It may be remembered that the quantity of 

32U in the naturally occurring uranium is only 0.7 
percent. Now-a-days plutonium-239 and uranium- 
233 are also being used as fuel. 


| 








2 The fuel rods are placed in a substance of small 
atomic weight, such as water, heavy water, carbon or 
hydrocarbon etc. These substances are called 
moderators. The function of these moderators is to 
slow down the speed of the neutrons produced 
during the fission process and to direct them towards 
the fuel. Heavy water, it may be remembered, is 
made of 4H _, a heavy isotope of hydrogen instead of 
{H.. The neutrons produced in the fission reaction are 
very fast and energetic and are not suitable for 
producing fission in reactor fuel like *22U or 22Puete. 
For this purpose slow neutrons are more useful. To 
achieve this, moderators are used. 


3. Besides moderator there is an arrangement for the 
control of number of neutrons, so that of all the 
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neutrons produced in fission, only one neutron 
produces further fission reaction. The purpose is 
achieved either by cadmium or by boron because 
they have the property of absorbing fast neutrons. 
The control rods made of cadmium or boron are 
moved in or out of the reactor core to control the 
neutrons that can initiate further fission reaction. In 
this way the speed of the chain reaction is kept under 
control. In case of emergency or for repair purposes 
control rods are allowed to fall back into the reactor 
and thus stop the chain reaction and shut down the 
reactor. 


4 Heat is produced due to chain reaction taking place in 
the core of the reactor. The temperature of the core, 
therefore, rises to about 500 °C. To produce steam 
fram this heat, itis transported to heat exchanger with 
the help of water, heavy water or any other liquid 
under high pressure. In the heat exchanger this heat 
is used to produce high temperature steam from 
ordinary water. The steam is then used to run the 
turbine which in turn rotates the generator to produce 
electricity. The temperature of the steam coming out 
of the turbine is about 300 °C, This is further cooled to 
convert it into water again. To cool this steam, water 
from some river or sea is, generally, used. In Karachi 
nuclear power plant (KANUP}), heavy water is being 
used as a moderator and for the transportation of 
heat also from the reactor core to heat exchanger, 
heavy water is used. To cool steam coming out of the 
turbine, sea water is being used. 


The nuclear fuel once used for charging the reactor can keep 
on operation continuously for a few months. There after the 
fissile material begins to decrease. Now the used fuel is 
removed and fresh fuel is fed instead. In the used up fuel 
intensely radioactive substances remain. The half-life of 
these radioactive remnant materials is many thousand years. 
The radiations and the particles emitted out of this nuclear 
waste is very injurious and harmful to the living things. 
Unfortunately there is no proper arrangement of the disposal 
of the nuclear waste. This cannot be dumped into oceans or 
left In any place where they will contaminate the 
environment, such as through the soil or the air. They must 
not be allowed to get into the drinking water. The best place 
so far found to store these wastes is in the bottom of old salt 
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mines, which are very dry and are thousands of metres below 
the surface of the Earth. Here they can remain and decay 
without polluting the environment. 





Types of Reactors 
There are two main types of nuclear reactors. These are: 
(i) Thermal reactors (ii) Fastreactors 





The thermal reactors are called "thermal" because the 

neutrons must be slowed down to "thermal energies” to 

238 i) produce further fission. They use natural uranium or slightly 

VA sa & enriched uranium as fuel. Enriched uranium contains a 

O ‘ QO é +» greater percentage of U-235 than natural uranium does. 

, — There are several designs of thermal reactors. Pressurized 

water reactors (PWR) are the most widely used reactors in 

al 23.5min the world, In this type of reactors, the water is prevented from 

06 boiling, being kept under high pressure. This hot water is 

238 yp Q +5 +7 USedto boil another circuit of water which produces steam for 
“ ~ turbine rotation of electricity generators. 


fe no Fast reactors are designed to make use of U-238, which is 
a: about 99% content of natural uranium. Each U-238 nucleus 
absorbs a fast neutron and changes to plutonium-239. 
a, PU QO: Or 
ve 


239 a 
‘a - in =<. as NP r iP 
234 239 , Of 
aa3Np —— > “gyPu + 4p 
An induced nuclear reaction in Piytonium can be fissioned by fast neutrons, hence, 
which U is transmuted into A ' 
a2 moderator is not needed in fast reactors. The core of fast 


the transuranium element : ; : 
alutonium 222 Pu é reactors consists of a mixture of plutonium and uranium 
ay dioxide surrounded by a blanket of uranium-238. 


Neutrons that escape from the core interact with uranium- 
238 in the blanket, producing thereby plutonium-239. Thus 
more plutonium fuel is bred in this way and natural uranium is 
used more effectively. 






We know that the energy given out per nucleon per fission of 
heavy element like that of uranium is 0.9 MeV. It is due to the 
fact that the binding energy per nucleon of the fission 
fragments is greater than uranium. In fact energy is obtained 
from any nuclear reaction in which the binding energy per 
nucleon of the products increases. Is there any other reaction 
besides the fission reaction from which energy could be 
obtained? In order to answer this question we must ponder 
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over Fig.21.4 again. Thissgraph shows that the binding energy 
per nucleon increases upto A = 50. Hence when two light 
nuclei merge together to form a heavy nucleus whose mass 
number A is less than 50, then energy is given out. In section 
on "Mass Defect and Binding Energy" we have observed that 
when two protons and two neutrons merge to form a heliun> 
nucleus, then about 28 MeV energy is given out. 





During a fusion reaction some mass is lost and its equivalent 
energy is given out. In a fusion reaction, more energy per 
nucleon can be obtained as compared to the fission reaction. 
But unfortunately it is comparatively more difficult to produce 
fusion. Two positively charged light nuclei must be brought 
very close to one another. To do so work has to be done 
against the electrostatic force of repulsion between the 
positively charged nuclei. Thus a very large amount of 
energy is required to produce fusion reaction. It is true thata 
greater amount of energy can be obtained during a fusion 
reaction compared to that produced during a fission reaction, 
but in order to start this reaction a very large amount of 
energy is spent. On the contrary no difficulty is faced to start 
the fission reaction because neutron has no charge on it and 
it has to face no repulsive force while reaching the nucleus. 


Let us now take the example of a fusion reaction when two 
deuterons are merged to form a helium nucleus, 24 MeV 
energy is released during this process i.e., 


“H+ {H——> $He + 24 MeV 
But there is a very little chance of the formation of >He 
nucleus by the merger of two deuterons. The probability of 


occurring such a reaction is great where one proton or one 
neutron is produced as given below: 


“H+ 7H ——» 3H + jH+4.0MeV 
or *H+*H ——>» $He+ jn+3.3MeV 
In both of these reactions about 1.0 MeV energy per nucleon 
is produced which is equal to the energy produced during 


fission. If “Hand 3H are forced to fuse then 17.6 MeV energy 
is obtained /.e., 


2H+ 5H ——>» $He+ ,n+17.6 MeV 
We know that for fusion of two light nuclei the work has to be 
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Ultra violet radiations cause 

(i) Sunburn, blindness and skin 
Cancer 

(li) Severe crop damage 

(iil) decay of micro-organisms 

(iv) disrupt the ocean ecosystem 


done to overcome the repulsive force which exists between 
them. For this the two nuclei are hurled towards one another 
at a very high speed. One method to do so is to give these 
nuclei a very large velocity with the help of an accelerator. 
This method has been used in the research study of nuclear 
fusion of 7H and 3H But this method of nuclear fusion for 
getting energy cannot be used on alarge scale. 


There is another method to produce fusion reaction .It is 
based upon the principle that the speed of atoms of a 
substance increases with the increase in the temperature of 
that substance. To start a fusion reaction the temperature at 
which the required speed of the light nuclei can be obtained is 
about 10 million degrees celsius. At such extraordinarily high 
temperature the reaction that takes place is called thermo- 
nuclear reaction. Ordinarily such a high temperature cannot 
be achieved. However during the explosion of am atom 
bomb this temperature can be had for a very short time. 


Until now the fusion reaction is taking place only in a 
hydrogen bomb. That extraordinary high temperature is 
obtained during the explosion of an atom bomb, due to this 
high temperature the fusion reaction between4H and 3H sets 
in. In this way a very large amount of energy is given out with 
the explosion. 


A very large amount of energy can be had from a fusion 
reaction, but till now this reaction has not been brought under 
control like a fission reaction and so is not being used to 
produce electricity. Efforts are in full swing in this field and itis 
hoped that in near future some method would be found to 
control this reaction as well. 


Nuclear Reaction inthe Sun 





The Sun is composed primarily of hydrogen. It has a little 
amount of helium and a slight amount of other heavy 
elements. A tremendous amount of energy keeps issuing out 
of it continuously at all times. The temperature of its core is 
about 20 million degrees celsius and its surface temperature 
is about 6000 degrees celsius. Its eneray is due to fusion 
reaction called p-p reaction. During this process two 
hydrogen nuclei or two protons fuse to from deuteron. This 
reaction takes place as 


jH+{H —— “H+5e+Energy 


With the fusion reaction of deuteron with proton, He an 
isotope of helium is formedi.e., 
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“H+ {H ——> 3He+y+Energy 





In the last stage the two nuclei of SHe react in the following ror Your RERENTERTTAULASALY 
manner: 


; Natural 
3He+ 3He ——> $He+ JH+ JH+Energy \ 18% Inter 





In this reaction six protons take part and finally a helium 
nucleus and two protons are formed. That is, the result of 
different stages of this reaction is that four protons have 
formed one helium nucleus. It has been estimated that in this 
p-p chain reaction, 25.7 MeV eneray is given outi.e.,6.4 MeV 
per nucleon energy is obtained which is much greater than 
the energy given out per nucleon (1 MeV) during a fission 
reaction. 


0.4% nscellanesus 


z = 0.1 % discharges 





When a Geiger tube is used in any experiment, it records 
radiation even when a radioactive source is nowhere near it. 
This is caused by radiation called background radiation. It is 
partly due to cosmic radiation which comes to us from outer 
space and partly from naturally occurring radioactive 
substance in the Earth's crust. The cosmic radiation consists 
of high energy charged particles and electromagnetic 
radiation. The atmosphere acts as a shield to absorb some of 
these radiations as well as ultraviolet rays. In recent past, the 
depletion of ozone layer in the upper atmosphere has been 
detected which particularly filters ultraviolet rays reaching us. 
This may result in increased eye and skin diseases. The 
depletion of ozone layer is suspected to be caused due to 
excessive release of some chemicals in the atmosphere such 
as chloroflourocarbons (CFC) used in refrigeration, aerosol 
spray and plastic foam industry. Its use is now being replaced 
by environmentally friendly chemicals. Many building 
materials contain small amounts of radioactive isotopes. 
Radioactive radon gas enters buildings from the ground. It 
gets trapped inside the building which makes radiation levels 
much higher from radon inside than outside. A good 
ventilation can reduce radon level inside the building. All 
types of food also contain a little radioactive substance. The 
most common are potassium-40 and carbon-14 isotopes. 








Some radiation in the environment is added by human 
activities. Medical practices, mostly diagnostic *-ray 
probably contribute the major portion to it. Itis an unfortunate 
fact that many X-ray exposures such as routine chest X-ray 
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_ and dental X-ray are made for no strong reason and may do 
| For Your Information —_| more harm than good. Every X-rays exposure should have a 










‘rays, ) -Tays and o-particles 

of 30 keV or more 

o| - partiches: oF lgss than 30 jel 
and protons below 10 


definite justification that outweighs the risk. The other 
sources include radioactive waste from nuclear facilities, 
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hospitals, research and industrial establishments, colour 
television, luminous watches and tobacco leaves. A smoker 
not only inhales toxic smoke but also hazardous radiation. 
Low level background radiation from natural sources is 
normally considered to be harmless. However, higher levels 
of exposure are certainly damaging. We cannot avoid 
exposure to radiation. However, the best advice is to avoid 
unnecessary exposure to any kind of ionizing radiation. 


To study the effects of radiation, we need to define some of 
the units of radiation, The strength of the radiation source is 
indicated by its activity measured in becquerel (Bq). One 
becquerel is one disintegration per second. A larger unit is 
curie (Ci) which equals 3.7 x 10" disintegrations per second. 
The effect of radiation on a body absorbing it relates to a 
quantity called absorbed dose D defined as the eneray E 
absorbed from ionizing radiation per unit mass m of the 
absorbing body. E 

aa etter (21.10) 
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Its SI unit is gray (Gy) defined as one joule per kilogram. 
1 Gy = 1 Jkg’ 

An old unit is rad, an acronym for radiation absorbed dose. 
1 rad = 0.01 Gy 


Equal doses of different radiations do not produce same 
biological effect. For the same absorbed dose, a-particles 
are 20 times more damaging than X-rays. The effect also 
depends on the part of the body absorbing the radiation. For 
example, neutrons are particularly more damaging to eyes 
than other parts of the body. To allow this, the absorbed dose 
is multiplied by a quality factor known as relative biological 
effectiveness or RBE (Table 21.2), The equivalent dose D, of 
any absorbed radiation is defined as the product of absorbed 
dose and RBE of the kind of radiation being absorbed. 


| D,=Dx RBE (21.11) 
The SI unit of equivalent dose is sievert (Sv). 
1Sv=1Gyx RBE 
An old unit, the rem is equal to 0.01 Sv. 
1 rem = 0.01 Sv 


The background radiation to which we are exposed, on the 
average, is 2 mSv per year. Doses of 3 Sv will cause radiation 
burns to the skin. For workers in the nuclear facilities or 
mines, a weekly dose of 1 mSv is normally considered safe 
(Table 21.3). 


The damage from oa-particles is small unless the source 
enters the body. a and B-particles can cause redness and 
sores on the skin. Some other low level radiation effects are 
loss of hair, ulceration, stiffening of the lungs, and a drop in 
the white blood cells which is followed by a sickness pattern 
of diarrhea, vomiting and fever known as radiation sickness 
(Fig. 21.16). High levels of radiation may disrupt the blood 
cells seriously leading to diseases such as anaemia and 
leukaemia. Chromosome abnormalities or mutation may 
cause delayed genetic effects such as cancer, eye cataracts 
and abnormalities in the future generations. These may 
develop many years after exposure to harmful radiation. 
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desage in effect 
micro sievert 
4000 000— death of 60 percent 
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3.000 000 
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Do You Know? 


Radioactive wastes are ofthree types 
Le. high level, medium and tow level. 


All these wastes are dangerous for 
ground water and land environment, 


For Your Information 


It is very difficult to dispose off 
radioactive waste safely due to their 


long half-lives e.g. ‘Pu’ hall life is 


24,000 years, therefore, it remains 
dangerous for about 1,92,000 years. 





| Tracer Techniques 


Since 1 Gy is 1 J kg’, hence total energy absorbed by the 
whole body =m D=80%0.4 Gy=32 J 


lt is a very small amount of thermal energy. Obviously, the 
damage done by ionizing radiation has nothing to do with 
thermal energy. The harmful effects arise due to disruption of 
the normal functions of the tissues in which itis absorbed, 








Radioisotopes of many elements can be made easily by 
bombardment with neutrons and other particles. As such 
isotopes have become available and are inexpensive, their 
use in medicine, agriculture, scientific research and 
industries has expanded tremendously, 


Radioisotopes are used to find out what happens in many 
complex chemical reactions and how they proceed. Similarly 
in biology, they have helped in investigating into chemical 
reactions that take place in plants and animals. By mixing a 
small amount of radioactive isotope with fertilizer, we can 
easily measure how much fertilizer is taken up by a plant 
using radiation detector, From such measurements, farmers 
know the proper amount of fertilizer to use. Through the use of 
radiation-induced mutations, improved varieties of certain 
crops such as rice, chickpea, wheat and cotton have been 
developed. They have improved plant structure. The plants 
have shown more resistance to diseases and pest, and give 
better yield and grain quality. Radiation is also used to treat 
cancers. Radioactive tracers and imaging devices have 
helped in the understanding and diagnosis of many diseases. 





A radioactive isotope behaves in just the same way as the 
normal isotope inside a living organism. But the location and 
concentration of a radioactive isotope can be determined 
easily by measuring the radiation it emits. Thus, a radioactive 
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isotope acts as an indicator or tracer that makes it possible to 
follow the course of a chemical or biological process. The 
technique is to substitute radioactive atoms for stable atoms 
of the same kind in a substance and then to follow the 
'tagged' atoms with the help of radiation detector in the 
process. Tracers are widely used in medicine to detect 
malignant tumors and in agriculture to study the uptake of a 
fertilizer by a plant. For example, if a plantis given radioactive 
carbon-14, it will use it in exactly the same way as it always 
uses stable carbon-12. But the carbon-14 releases 
B-radiations and thus by measuring radioactivity in different 
parts of the plant, the path taken by the carbon atoms can be 
known. This technique has helped to understand more 
elaborately the complex process of photosynthesis. The 
tracer technique was also used to identify faults in the 
underground pipes of the fountain system of the historical 
shalimar gardens of Lahore by the scientists of Pakistan 
Atomic Energy Commission. 
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Tracers are widely used in medicine to study the process of 
digestion and the way chemical substances move about in 
the body. 


Some chemicals such as hydrogen and sodium present in 
water and food are distributed uniformly throughout the body. 
Certain other chemicals are selectively absorbed by certain 
organs. Radio-iodine, for example, is absorbed mostly by the 
thyroid gland, phosphorus by bones and cobalt by liver. They 
can serve as tracers. Small quantity of low activity 
radioisotope mixed with stable isotope is administered by 
injection or otherwise to a patient and its location in diseased 
tissue can be ascertained by means of radiation detectors. 
For example, radioactive iodine can be used to check that a 
person's thyroid gland is working properly. A diseased or 
hyperactive gland absorbs more than twice the amount of 
normal thyroid gland. A similar method can be used to study 
the circulation of blood using radioactive isotope sodium-24. 


Experiments on cancerous cells have shown that those cells 
that multiply rapidly absorb more radiation and are more 
easily destroyed than normal cells by ionizing radiation. 
Radiotherapy with y-rays from cobalt-60 is often used in the 
treatment of cancer. The ;-rays are carefully focussed on to 
the malignant tissue. Strict safety precautions are necessary 
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Table 21.4 








Fig. 21.17 


for both patient and attendant medical staff. Radioactive 
iodine-131 is used to combat cancer of the thyroid gland. 
Since iodine tends to collect in the thyroid gland, radioactive 
isotopes lodge where they can destroy the malignant cells. In 
some cases encapsulated "seeds" are implanted in the 
malignant tissue for local and short ranged treatment. For 
skin cancers, phosphorus-32 or strontium-90 may be used 
instead. These produce f-radiation. The dose of radiation 
has to be carefully controlled otherwise the radiation could do 
more damage than help. Patients undergoing radiation 
treatment often feel ill, because the radiation also damages 
the healthy cells. 





Radiography 


The y-rays radiographs are used in medical diagnosis such 
as internal imaging of the brain to determine precisely the 
size and location of a tumor or other parts of the body. Cracks 
or cavities in castings or pipes can also be detected by 
scanning. Any sudden increase in count rate indicates a 
cavity within the object. 


The gamma camera is designed to detect y-radiations from 
sites in the body where a y-emitting isotope is located. An 
image as shown in Fig. 21.17, consisting of many dots of the 
y-emitting sources in the patient body is formed. The camera 
can also be used to obtain a sequence of images to observe 
an organ such as a kidney in action. 


The man has always desired to comprehend the complexity of 
nature in terms of as few elementary concepts as possible. 
Among his quest, in Feynman's words, has been the one for, 
"wheels within wheels", the task of Natural Philosophy being to 
discover the inner most wheels if any such exist. Asecond quest 
has concentrated itself with the fundamental forces, which make 
the wheels go round and enmesh with one another. 


Although we have been familiar with the basic forces and 
about some of the basic building blocks of the matter, but 
here we are going to study the modern concepts about both 
of these. We know that the basic forces are: 


1. Gravitationalforce 2. Magnetic force 
2 Electric force 4. Weak nuclear force 
5, Strong nuclear force 
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The electric and magnetic forces were unified to get an 
electromagnetic force by Faraday and Maxwell, who were 
able to prove that a current is induced in a coil whenever the 
magnetic flux passing through the coil is changed; leaving 
behind four fundamental forces, the strong nuclear force, the 
electromagnetic force, the weak nuclear force and the 
gravitational force. These four fundamental forces of nature 
have seemed for some time quite different from one another. 
Despite its different effective strength, the strong nuclear 
force is effective only within sub-nuclear distances and 
therefore, confines the neutrons and protons within the 
nucleus. The electromagnetic force is long-range and causes 
all chemical reactions. It binds together atoms, molecules, 
crystals, trees, buildings and you. This force acting on a 
microscopic level is responsible for a variety of apparently 
different macroscopic forces such as friction, cohesion and 
adhesion. The weak nuclear force is short range, like the 
strong nuclear force, and is responsible for spontaneous 
breaking up of the radioactive elements. It is a sort of 
repulsive force of very short range (10°’ m). It is usually 
masked by the effect of the strong and electromagnetic 
forces inside the nuclei. The gravitational force, like the 
electromagnetic force, is again long range, extending upto 
and beyond the remotest stars and galaxies. It keeps you, the 
atmosphere and the seas fixed to the surface of the planet. It 
gives rise to the ocean tides and keeps the planets moving in 
their orbits around the Sun. 


These widely disparate properties of the four basic forces 
have not stopped the scientists from finding a common cause 
forthem all. 


One hundred years after the unification of electric and 
magnetic forces into electromagnetic force, in 1979, the 
physics nobel prize was conferred on Glashow, Weinberg 
and Abdus Slam for the unification of electromagnetic and 
weak forces. | 


It is further expected that a strong nuclear force will 
eventually unite with electroweak force to make up a single 
entity resulting in the grand unified electro-nuclear force. 





Subatomic particles are divided into three groups. 


1. Photons 2.  Leptons 3, Hadrons 
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Composition of Matter 


Molecube 





Nucleus r 
—40"%-10"%m 
Neutron or Proton 





10m 





Less than 10m 


Table 21.5 Elementary particles are the basic building blocks of matter. 
Quarks and Antiquarks _— Ail photons and leptons are elementary particles. Hadrons 
are not elementary particles but are composed of elementary 
particles called quarks. Scientists now believe that all matter 
belongs to either the quark group or the lepton group. 





macgrons 





Hadrons are particles that experience the strong nuclear force. 
In addition to protons, neutrons and mesons are hadrons. The 
particles equal in mass or greater than protons are called 
baryons and those lighter than protons are called mesons. 






LeEptons 


Leptons are particles that do not experience strong nuclear 
force. Electron, muons and neutrinos are leptons. 


Olicig cp 





According to quark theory initiated by M. Gell-Mann and 
G. Zweig, the quarks are proposed as the basic building 
blocks of the mesons and baryons. A pair of quark and 
antiquark makes a meson and 3 quarks make a baryon. It is 
on+3a- 11 proposed that there are six quarks, the (1) up (2) down (3) 

Neutron strange (4) charm (5) bottom and, (6) top. The charges on 
these quarks are fractional as shown in Table 21.5. 





A proton is assumed to be made up of two up quarks and one 
down quark as shown in Fig.21.18 a. The neutron is assumed 
to be made of one up quark and two down quarks as shown in 
Fig. 21.18 (b). Currently, the hundred of hadrons can be 
accounted for in terms of six quarks and their antiquarks. It is 





tb) believed that quarks cannot exist on their own, their 
29 Jeans =0 existence has been indirectly verified. 
Fig. 21,18 


SUMMARY 





° The combined number of all the protons and neutrons in a nucleus is known as mass 
number and is denoted by A. 


256 


The protons and neutrons present in the nucleus are called nucleons. 


The number of neutrons present ina nucleus 's called its neurons number and is 
denoted by NV. 


The number of protons inside a nucleus or the number of electrons outside of the nucieus 
is called the atomic number or the charge number of an atom and is denoted by 7. 
Isotopes are such nuclei of an element that have the same charge number 7, but 
have different mass number A. 


The mass of the nucleus is always less than the total mass of the protons and 
neutron that make up the nucleus. The difference of the two masses is called mass 
defect. The missing mass is converted to energy in the formation of the nucleus and 
is called the binding energy. 


The emission of radiations (u, } and 7) from elements having Charge number Z 
greater than 82 is called radioactivity. 


The change of an element into a new element due to emission of radiations is called 
radioactive decay. The orginal element is called parent element and the element 
formed due tothis decay is called daughter element. 


Half-life of a radioactive element is that period in which half of the atoms of the parent 
element decay into daughter element. 


such a reaction in which a heavy nucleus like uranium splits up into two nuclei of 
equal size along with the emission of energy during reaction is called fission 
reaction. 


Such a nuclear reaction in which two light nuclei merge to form a heavy nucleus 
along with the emission of energy is called fusion reaction. 


The strength of the radiation source is indicated by its activity measured in 
becquerel. One becquerel (Bq) is one disintegration per second. Alarger unit is curie 
(Ci) which equals 3.7 x 10" disintegrations per second. 


The effect of radiation on a body absorbing it relates to a quantity called absorbed 
dose D defined as the energy E absorbed from ionizing radiation per unit mass rn of 
the absorbing body, 


The basic forces are: 
i.  Gravitationalforce ii. Electromagnetic force 
iii. Weak nuclearforce _ iv. The strong force 


Subatomic particles are divided into following three groups: 
i, Photons ii. ‘ Leptons lil. Hadrons 


Elementary particles are the basic building blocks of matter. 
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21.1 
21.2 
21.3 


21.4 
21.5 


21.6 
21.7 


21.6 
21.9 


21.10 


21.11 


21.12 
21.13 


21.14 
21.15 


21.16 


21.17 


QUESTIONS 


What are isotopes? What do they have in common and what are their differences? 
Why are heavy nuclei unstable? 
If a nucleus has a half-life of 1 year, does this mean that it will be completely 


decayed after 2 years? Explain. 
What fraction of a radioactive sample decays after two half-lives have elapsed? 


The radioactive element “;;Ra has a half-life of 1.6 x 10’ years. Since the Earth is 
aboul 5 billion years old, how can you explain why we still can find this 
elementin nature? 


Describe a brief account of interaction of various types of radiations with matter, 


Explain how @ and f)-particles may ionize an atom without directly hitting the 
electrons? What is the difference in the action of the two particles for producing 
ionization? 


Aparticie which produces more ionization is less penetrating. Why? 


What information is revealed by the length and shape of the tracks of an incident 
particle in Wilson cloud chamber? 


Why must a Geiger Muller tube for detecting u-particles have a very thin end 
So Why does a Geiger Muller tube for detecting y-rays not need a window at 
a 


Describe the principle of operation of a solid state detector of ionizing radiation in 
terms of generation and detection of charge carriers. 


What do we mean by the term critical mass? 


Discuss the advantages and disadvantages of nuclear power compared to the use 
of fossil fuel generated power, 


What factors make a fusion reaction difficult to achieve? 


Discuss the advantages and disadvant. ; 
safely, ollution anc sige antages of fission power from the point of 
What do you understand by “background radiation"? State two sources of this 
radiation. 

If someone accidently swallows an a-source anda #-source 
which would be the more dangerous to him? Explain why? 


21.18 Which radiation dose would deposit more energy to the body (a) 10 mGy to the 


21.19 


21.20 


hand, or (b) 1 mGy dose to the entire body. 


What is a radioactive tracer? Describe one application each in medicine, agriculture 
and industry. 


How can radioactivity help in the treatment of cancer? 
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PROBLEMS 


91.1. Find the mass defect and the binding eneray for tritium, if the atomic mass of tritium 
is 3.016049 u. (Ans: 0.00857 u, 7.97 MeV) 
21.2 Thehalf-life of 3) Sris 9.70 hours. Find its decay constant. (Ans: 1.99x 10's) 


21.3. The element**‘Pa is unstable and decays by f-emission with a half-life 6.66 hours. 
state the nuclear reaction and the daughter nuclei. (Ans: ‘,, U) 


21.4 Find the energy associated with the following reaction: (Mass of \H=1.00784 u) 


“N+ sHe _ "O+ ‘H 


What does negative sign indicate? (Ans: 1.12 MeV) 
21.5 Determine the energy associated with the following reaction: (mass of “C=14.0077u) 
io =. GN-+ fe (Ans: 3.77 MeV) 


21.6 If rod H decays twice by a-emission,.whatis the resulting isotope? (Ans: RN ) 


21.7. Calculate the energy (in MeV) released in the following fusion reaction. 
*H+ 43H ——> Hes gn (Ans: 17.6 MeV/event) 
21.8 Asheetoflead 5.0 mm thick reduces the intensity of a beam of y-rays by a factor 0.4. 


Find half value thickness of lead sheet which will reduce the intensity to half of its 
initialvalue. - (Ans: 3.79mm) 


21.9 Radiation from a point source obeys the inverse square law. If the count rate ata 
distance of 1.0 m from Geiger counter is 360 counts per minute, what will be its count 
rate at 3.0 m from the source? (Ans: 40 counts per min.) 


21.10 A75 kq person receives a whole body radiation dose of 24 m-rad, delivered by 
a-particles for which RBE factor is 12. Calculate (a) the absorbed energy in joules, 
and (b) the equivalent dose in rem. [Ans: (a) 18 mJ (b) 0.29 rem] 


Note: Consult the table on page 222, where required, for atomic masses. 





GLOSSARY 





Alternating Current Current produced by a voltage source whose polarity 


Amorphous 


Amplifier 


Atomic Number 
Binding Eneray 


Black Body 
Bulk Modulus 
Capacitor 


Cathode ray 
Oscilloscope 


Compton effect 


Crystalline Solids 


Current 
Generator 


Digital System 
Elastic limit 
Electric Current 


Electric Field 
Intensity 


Keeps on reversing with time 

Those solids in which arrangement of atoms or 
molecules are not regular 

A device that increases the output of electrical signal 
fed as input 

The number of protons in the nucleus 

The work done on the nucleus to separate it into its 
constituent neutrons and protons 

A body that absorbs all the radiations incident upon it 
Ratio of applied stress to volumetric strain 

A device that can store charge 


High speed graph plotting device 


An increase in the wavelength of X-rays when 
scattered by bound electrons, 

Substances having regular arrangement of ato.ns or 
molecules 

A device which converts mechanical energy into 
electrical energy 

It deals with only those quantnies which have only two 
discrete values 

The limit beyond which the sample becomes 
permanently deformed 

Rale of flow of electric charge 


Electric field force per unit charge at a point 
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Electric Flux 


Electric Potential 


Electrolysis 


Electromagnetic 


Waves 


Electromotive 
Force 
Electron volt 
Electroplating 
Forward Bias 


Frequency 


Fusion 


Half life 


Holography 


Impedance 


Inductance 


Inertial frame of 
reference 


insulators 


lonization Potential 


Number of electric field lines passing through certain 
surface element 

Amount of work done in bringing a unit positive charge 
from infinity to a point 

Conduction of electricity due to chemical reaction in 
liquids 

Waves which do not require any medium for their 
propagation 

A measure of the energy supplied by a source of 
electric currant per unit charge 

Unit of energy equals to 1.6*10°% 

Electric metallic coatina 

Bias volla ge which when applied to a p—n junction 
produce large current flaw 

Number of cycles per unit time 

such nuclear reaction in which two light nuclei merge 
lo form a heavy nucleus with the emission of energy 
itis the period in which half of the radioactive element 
atoms decay 

A method of recording three dimensional image 
Combined effect of resistances and reactances in an 
A.C. circuit 

The phenomenon in which changing current in a coil 
produces an emf in itself 


Coordinate system in which the law of inertia is valid 


material with a very high electrical resistivity 
The energy needed to remove the electron from an 


atom or molecule to infinite distance 
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Laser 
Logic Gate 


Magnetic Induction 


Mass Defect 


Mass Number 
Modulation 


Mutual Inductance 
NAVASTAR 
Nuclear Energy 
Nuclear fission 
Nuclear Reactor 
Nucleons 

Pair Production 
Photo voltaic cell 
Photodiode 
Photoelectric 


Effect 
Plastic deformation 


Light amplification by stimulated emission of radiation 
Electronic circuits which implements various logic 
operations 

Magnetization of a substance by an external magnetic 
field 

It is the difference between the mass of the separated 
nucleons and the combined mass of the nucleus 

Total number of protons and neutrons in a nucleus 
The process of combining the low frequency signal 
with a high frequency radio wave 

A phenomenon in which a changing current in one coil 
produces emf in other coil 

Navigation system based on Einstein theory of 
relativity 

Energy derived from nuclear reactions either by fission 
or by fusion 

Disintegration of atomic nucleus into two or more 
fragments with the emission of huge amount of energy 
A device in which controlled nuclear fission reaction 
takes place 

Protons and neutron in the nucleus, 

Production of electron-position pair from a photon 

A device that detects or measures electromagnetic 
radiation by generating a potential at a junction 

A device used to detect light falling on it 

Emission of electrons from metallic surface when 
exposed to electromagnetic radiations 

A permanent deformation of a solid object to an 


applied stress 
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Polymeric Solids 
Rectification 
Resistivity 
Reverse Bias 


Spectrograph 


Spectroscopy 


Strain 


Stress 


Super Conductors 


Thermistor 


Time Period 


Transformer 


Transistor 


Ultimate tensile 
stress 


Young's Modulus 


The solid materials with a structure that is intermediate 
between ordered and disordered structure 

Conversion of alternating current into direct current 
Tendency of material to oppose the flow of current 
Bias voltage which when applied to a p—n junction 
produces a very small or no current flow 

An instrument for producing photographic record of 
spectrum 

The investigation of wavelength and intensities of 
electromagnetic radiations emitted or absorbed by the 
atoms 

The change produced in the size or shape of the body 
by applying a stress 

Force per unit area 

Those material whose resistivity becomes zero below 
a critical temperature 

Heat sensitive resistor 

That interval during which the voltage source changes 
its polarity once 

A device which converts high A.C. voltage to low A. C. 
valtage or low A.C. voltage to high A. C. voltage 

Semi conducting material to which at least three 
electrical contacts are made 


The maximum stress that a material can withstand 


Ratio of the tensile stress applied to the material to the 
resulting tensile strain 
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A 

A.C. generator 
Absorbed dose 
Alpha particles 
Alternating current 
Ammeter 
Amorphous solid 
Ampere’s law 
Amplitude modulation 
AND gate 

AND Operation 
Annihilation of matter 
Atomic nucleus 
Atomic number 
Avometer 

B 

Balmer series 
Baryons 

Base 

Basic forces 
Becqueral 

Beta particles 
Binding energy 
Biack body 

Black body radiation 
Bohr's atomic model 
Bohr's orbit 

Boolean variable 
Brackett series 
Bragg's equation 
‘Bremsstrahlung 
Brittle substances 
Building block of matter 
“Bulk modulus 

Cc 

C.R.O. 


182-183 
204-205 
205 
168 


194-195 
210 
140 
255-256 
139 


68-70 


Capacitance 
Capacitor 

CAT Scanar 
Characteristic X-rays 
Choke 

Collector 
Comparator 
Compressional stress 
Compressive strain 
Compton effect 
Compton shift 
Compton wavelength 
Conductance 
Conduction band 
Conductors 
Conventional current 
Core 

Coresivity 

Cosmic radiation 
Coulomb's law 
Critical mass 


_ Critical temperature 


Crystalline solid. 

Curie 

Current gain 

D-. 

D.C. generator 

D.C. motor 

Daughter element 

Dead beat galvanometer 
de-Broglie relation 
Decay constant 
Depeletion region 
Deuterium 

Deutron 

Diamagnetic substances 


22 

22 

211 
209-210 
128 

159 
166-167 
138 

138 
190-191 
190-191 
190-191 
38 

143 
143-144 
32 

244 

150 

249 


100-101 


230 
74 

193 
230 
154 
221 
221 
148 


Dielectric constant 
Digital multimeter 
Digital system 
Domains 

Ductile substances 


e.m.f, 


Einstein photo electric equation 


Elastic deformation 
Electric current 

Electric field strength 
Electric flux 

Electric intensity 
Electric polarization 
Electric potential 
Electromagnet 
Electromagnetic spectrum 
Electromagnetic waves 
Electron microscope 
Electron volt 

Emitter 

Energy band theory 
Energy density 
Energy-mass relation 
Equivalent dose 
Excitation potential 
Extrinsic semiconductor 
F 

Farad 

Faraday's law 

Fast reactor 
Ferromagnetic materials 
Fission chain reaction 
Fluorescence 
Forbidden energy gap 
Forward resistance 
Frame of reference 
Frequency modulation 
Full wave rectification 
Fussion reaction 


24 
77-78 
167-168 
148-149 
140 


43-44 
188 
140 

32 

7 

9-10 

5 

24-25 
15 
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185 
128-129 
197 

19 

159 
143-144 
96 
180-181 
251 

207 
144 
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G 

Gain 

Galvanometer 
Gamma rays 

Geiger Muller counter 
General theory of relativity 
Gray 

Guass's law 

H 

Hadrons 

Half life 

Half wave rectification 
He-Ne laser 

Henery 

Holography 

Hooke's law 


Hydrogen emission spectrum 


Hysteresis 

Hysteresis loop 
Hysteresis loss 

I 

Impedance 

Induced current 
Induced e.m.f. 

Inertial frame of reference 
Insulators 

intrinsic semiconductor 
lonization energy 
lonization potential 
Isotopes 

K 

Kirchhoff's first law 
Kirchhoff's second law 
L 

Laser 

Leakage current 
Length contraction 
Lenz's law 

Leptons 

Light emitting diode 


164-165 
71-74 


- 226-227 


235-237 
178 

201 

12 
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229 

156 

215 
92-94 

216 

140 

207-208 
150 
148-150 
150 


1720 
82-84 
82-84 
177 
143-144 
144 

207 
207 

221 


46 
47 


213 
155 
179 
88 

256 
157 


Linear absorption co-efficient 233 


Lyman series 

M 

Magnetic dipole 
Magnetic flux 
Magnetic flux density 
Mass defect 

Mass spectrograph 
Mass variation 
Measurement of e/m 
Mesons 

Millikan's method 
Moderator 
Modulation 

Modulus of elasticity 
Motional e.m.f. 
Mutual inductance 
N 

NAND gate 

NAND operation 


NAVASTAR Navigation system 


NAVASTAR 
Night switch 


Non-intertial frame of reference 


NOR gate 

NOR operation 

NOT gate 

NOT operation 

n-p-n transistor 
Nuclear fission 
Nuclear power station 
Nuclear reaction 
Nuclear reactor 
Nuclear transmutation 
Nucleon number 

0 

Ohm 

Ohm meter 

Ohm's law 

Open loop gain 


203 


148 
60 
60-61 
223 
222-223 
180 
66-67 
256 
20-21 
244 
131 
139 
84 
90-91 


240 
243-245 
238-239 
243-246 
227-228 
220 


af 
76-77 
36 
163 


Operational amplifier 
OR gate 

OR operation 

P 

p—n junction 

Pair production 
Parent element 
Paschen series 
Pfund series 

Photo diode 

Photo electron 
Photo electron 
Photo voltaic cell 
Photocell 
Photoelectric effect 
Photon 

Plancks constant 
Plastic deformation 
Plasticity 

Polymeric solids 
Population inversion 
Positron 
Potentiometer 
Principle quantum number 
Proportional limit 
Protium 

Q 

Quantized energy 
Quantized radii 
Quarks 

R 
Radiation absorbed dose 
Radiation detector 
Radiation exposure 
Radiation sickness 
Radioactive decay 
Radioactive elements 
Radioactivity 
Radiography 
Rectification 


162-163 
168 
168 


154 
192 
227 
204 
204 
158 
187 
187 
158 
189 
187-189 
185 
184 

140 
140 
136-137 
214 
192 
21-52 
204 
140 
221 


206 


256 


251 
234-237 
249-250 
aol 


226 
226 
254 
156 


Relative biological effectiveness 251 


Relative motion 

Rem 

Resistivity 

Resonance 

Retantivity 

Rheostat 

Right hand rule 
Rutherford atomic mode! 
Rydberg constant 


Saturation 

Self inductance 

self quenching 
Semiconductors 
Sensors 

Shear modulus 

Shear strain 

Shear stress 

Sievert 

Solid state detector 
Special theory of relativity 
Spectral series 
Spectroscopy 

Step down transformer 
Step up transformer 
stephan Boltzmann's law 
Stephan's constant 
stimulated absorption 
Stimulated emission 
Stopping potential 
Strain 

Stress 

Stress-strain curve 
Superconductor 


177 

251 

38 

125 

150 

41 

of 

220 

203, 208 


150 

93 

236 

143 
170-171 
139 
139 
138 
251 
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203 
202 
104 
104 
184 
184 
213 
213 
187 
138 
138 
140 
146-147 
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T. 

Tensile strain 
Tensile stress 
Thermal reactor 
Thermistor 
Threshold frequency 
Time dilation 
Tracer techniques 
Transformer 
Transistor 

Tritium 

U 


Ultimate tensile strength 


Uncertainty principle 
Unified mass 

Uses of laser 

Vv 

Voltage gain 
Voltmeter 
Volumetric strain 

W 

Wave particle duality 
Weber 

Wheatstone bridge 
Wilson cloud chamber 
Work function 

x 

Xerography 

XNOR gate 

XNOR operation 
XOR gate 

AOR operation 
x-rays 

Y 

Young's modulus 


138 

138 

246 

42 

188 

179 
252-253 
103-106 
159 

221 


140 
197-199 
220 
215-216 


161-162 
75 
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170 
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